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PREFACE 


The present volume contains a complete translation, made 
in consequence of a suggestion by my eminent friend, Professor 
E. T. Whittaker, F.R.S., of the Italian text of my Lezioni di 
calcolo differenziale assoluto.1 Two new chapters have been added, 
which are intended to exhibit the fundamental principles of 
Einstein’s General Theory of Relativity (including, of course, 
as a limiting case, the so-called Special or Restricted Theory) 
as an application of the Absolute Calculus. 

I have already had occasion to remark in the Preface to the 
Italian edition that we possess various systematic and well- 
written expositions of Relativity by celebrated authors. The 
short treatment which is offered in the two new chapters of the 
present work presents some distinctive features which it may 
be well to point out explicitly. 

In the first place, im order not to increase the size of the book 
unduly, I have thought it expedient to confine myself to tracing 
the relativistic evolution of Mechanics (properly so called) and 
of Geometrical Optics, and to developing its most important 
consequences. In this treatment the whole of Electromagnetism 
is sacrificed. The sacrifice is certainly regrettable, since Electro- 
magnetism was historically related in the most intimate way to 
Einstein’s conception, having served indeed as the support and 
model for Restricted Relativity. Furthermore, Electromagnetism, 
in common with every other physical phenomenon, now comes 
within the ambit of General Relativity. Much as the omission 
of Electromagnetism is to be regretted, it has the advantage 
of reducing the programme to subjects belonging to the pure 
Newtonian tradition (or to its developments); and it allows us 
to take a clearer and more exact view of the transition from the 
classical scheme of Mechanics to the relativistic one. 

1Compiled by Dr. Enrico Persico (Rome, Stock, 1925). 
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For this reason I have followed the method—which I have 
adopted sometimes in lectures or articles on special subjects— 
of taking the classical laws as the starting point and then of 
trying to find inductively what modifications—negligible in 
ordinary circumstances—should be introduced in order to take 
account of Einstein’s ideas; and in the first place, naturally, 
to take account of his Principle of Relativity, that is to say, the 
invariant behaviour of these laws under all transformations of 
space and time, an auxiliary four-dimensional ds? being duly 
employed. This method has seemed to me to be preferable to 
the procedure of enunciating the postulates of relativistic 
Mechanics in abstract tensorial form, which is so comprehensive 
in physical content as to be almost inaccessible to ordinary 
intuition, except with ample comment and illustration. 

A further characteristic of our exposition is that we make 
extensive use not only of geometrical representation but also 
of the differential properties pertaining to the space-time con- 
tinuum; attention is drawn also to the special importance of 
the Einsteinian statics, the treatment beimg rigorous in some 
- cases, while in others which involve fields variable with the time 
it is approximate. 

in closing this introduction to Chapters XI and XII I would 
add that they were prepared, still in collaboration with Professor 
Persico, at the suggestion of Mr. F. F. P. Bisacre, M.A. 

In connexion with the whole of the English edition, I must 
warmly thank the translator, Miss Marjorie Long, formerly 
Scholar of Girton College, who with double competence, scientific 
and linguistic, has known how to combine scrupulous respect 
for the text with its effective adaptation to the spirit of the 
English language. 

I owe hearty thanks also to Dr. John Dougall, who, while 
revising the proofs, has checked the analysis throughout, detected 
some oversights, and made many useful suggestions for improve- 
ment. I wish finally to thank my English publishers, who have 
not only acceded to, but almost always anticipated, my wishes 
in regard to symbols and the typography of the book. 


T. LEVI-CIVITA. 


Romp, October, 1926. 
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Riemann’s general metric and a formula of Christoffel con- 
stitute the premises of the absolute differential calculus. Its 
development as a systematic branch of mathematics was a later 
process, the credit for which is due to Ricci, who during the ten 
years 1887-1896 elaborated the theory and worked out the 
elegant and comprehensive notation which enables it to be easily 
adapted to a wide variety of questions of analysis, geometry, 
and physics. 

Ricci himself, in an article published in Volume XVI of the 
Bulletin des Sciences Mathématiques (1892), gave a first account . 
of his methods, and applied them to some problems in differential 
geometry and mathematical physics. Later on other interesting 
applications, made by himself or his students (to which group 
I had the privilege of belonging), suggested the desirability of 
preparing a general account of the whole subject, imcluding 
methods, results, and a bibliography. This was the origin of the 
memoir “ Méthodes de calcul différentiel absolu et leurs appli- 
cations ”, which was compiled by Professor Ricci and myself in 
collaboration, on the courteous invitation of Klein, and appeared 
in Volume 54 of Math. Ann. (1901). 

There is a chapter on the foundations of the absolute calculus, 
with special reference to the transformation of the equations of 
dynamics, in Wright’s Tract, Invariants of Quadratic Differential 
Forms (Cambridge University Press, 1908); apart from this, 
while special researches based on the use of this method were 
continued after 1901 by a limited number of mathematicians, 
yet general attention was not again directed to it until the great 
renaissance of natural philosophy, due to Hinstein, which found 


in the absolute differential calculus the necessary instrument 
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for formulating the new ideas mathematically and for the sub- 
sequent numerical work. 

Hinstein’s discovery of the gravitational equations was an- 
nounced by him in the famous note “ Zur allgemeinen Relati- 
vitatstheorie 1 in the following words: “Sie bedeutet emen 
wahren Triumph der durch Gauss, Riemann, Christoffel, Ricci . 
begriindeten Methoden des allgemeinen Differentialkalculus.” 

-In an earlier memoir Einstein had given a new exposition of 
those elements and formule of the absolute calculus which more 
specifically served his purposes. A similar standpomt was sub- 
sequently adopted by the most distinguished workers in the field 
of general relativity, in particular by Weyl, 2 Laue,®? Eddington,* 
and Birkhoff,® all of whom made conspicuous original contribu- 
tions, both of idea and of method, to the physical theories, in 
addition to useful and elegant developments of the tensor calculus. 
Similar statements can be made for Carmichael,® Marcolongo,’ 
Kopfi,’ Becquerel *—to mention, from the vast literature on the 
subject, only the books I have myself had occasion to consult 
—while de Donder !° has avoided the notation of the absolute 
calculus and used instead the theory of imtegral invariants. 

In recent years there have been some general treatises devoted 
to the absolute calculus; for instance, those of Juvet,!! Marais,!2 
and Galbrun.!® Lastly, there is another calculus, in a new order 
of ideas, not less comprehensive and perhaps even more general, 
invented by Schouten, and developed with the collaboration 
of Struik.4 

In face of this plentiful and valuable literature a new dis- 
cussion of Ricci’s methods might seem to be superfluous; and 
conceptually this is perhaps true. 

In fact, of the improvements and additions to the scheme 
of 1901 (the memoir in Math. Ann.), derived mainly from the 
notion of parallelism 1 and on this basis introduced by me into 
two courses of lectures given at the University of Rome during 
the sessions 1920-1921 and 1922-1923, all, or almost all, will 
be found as independent discoveries of the authors already cited, 
in one or other of their books. 

For instance, the definition of a tensor, and some algebraic 
anticipations of the results intended to simplify the proofs, are 
to be found in Weyl, Laue, and Marais, all of whom, like Edding- 
ton, establish a more or less intimate connexion between-co- 
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variant differentiation and parallelism. A thorough discussion 
of the latter is also given by Juvet and Galbrun. But the associa- 

~~ tion with the algebraico-tensorial notation and with the elements 
of differential geometry is always less detailed and systematic 
than what I tried to establish in my lectures. The line of argu- 
ment followed in them has a particular unity, which may perhaps 
justify their appearance in print at this juncture. 

The manuscript was edited with great care and intelligence 
by Dr. Enrico Persico, from notes of the lectures. I wish to express 
my thanks to him for his valuable help, and to my publisher, 
Signor Stock (who also attended the lectures), to whose continued 
encouragement the existence of the book is due. 


TULLIO LEVI-CIVITA. 
Rome, December. 1923. 
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Introductory Theories 


CHAPTER I 


FuncTIONAL DETERMINANTS AND MatTrRICES 


1. Geometrical terminology. 


In analytical geometry it frequently happens that compli- 
cated algebraic relationships represent simple geometrical pro- 
perties. In some of these cases, while the algebraic relationships 
are not easily expressed in words, the use of geometrical language, 
on the contrary, makes it possible to express the equivalent 
geometrical relationships clearly, concisely, and intuitively. 
Further, geometrical relationships are often easier to discover 
than are the corresponding analytical properties, so that geo- 
metrical terminology offers not only an illuminating means of 
exposition, but also a powerful instrument of research. We 
can therefore anticipate that in various questions of analysis it 
will be advantageous to adopt terms taken over from geometry. 

For this purpose it is essential to adopt the fundamental 
convention of using the term point of an abstract n-dimensional 
manifold (n being any positive integer whatever) to denote a 
set of n values assigned to any n variables x, 7,...%,. This 
is an obvious extension of the use of the term in the one-to-one 
correspondence which can be established between pairs or trip- 
lets of co-ordinates and the points of a plane or space, for the 
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cases » = 2 and n = 3 respectively. For the case of n vari- 
ables we can thus also speak of a field of points (rather than of 
values assigned to the 2’s), and of the region round a specified 
pomt' 2,7. =" 1, 27.427). 

If the z’s are n functions 7, (¢) of a real variable ¢, then when 
é varies continuously between ¢, and ¢, we get a simply infinite 
succession of points, the aggregate of which (as for nm = 2 and 
nm = 8) 1s called a lone, and more precisely an are or segment of 
a line. 


2. Functional determinants and change of variables. 
Let there be » functions of » variables: 


U; (24, Lo, ome i5e Li), 


the functions and their derivatives to any required degree being 
supposed finite and continuous in the field considered. 

To simplify the notation, let x (without a suffix) represent 
not only (as is usual) any one of the n variables x,, 2, ... %p, 
but also (as is sometimes done) the whole set of them; and 
similarly for other letters which will be used farther on. With 
this convention the given functions can be written in the-abridged_ 
form: 

U; (x). 

With the usual notation, the functional determinant or Jacobian 
of the w’s is the determinant of the mth order whose terms are 
the first derivatives of the w’s; i.e. 


Ou, Om OU, 
Oa, 0 2p pee Ox, 
OUy OUp 0 Uy 
Dia (0, Ct... tone 
ian eet wt Mae: 


Such a determinant is sometimes represented by the abridged 


notation 
ie uc aH, 
ae eee cee 


FUNCTIONAL DETERMINANTS AND MATRICES 3 


analogous to that used for fractions and substitutions, the set 
of functions wu representing the numerator and the set of vari- 
ables x the denominator of a fraction. The analogy of form 
is justified by the analogy of properties, as can be seen by con- 
sidering the effect on a functional determinant of a change of 
variables. For let the 2’s be functions of ” variables y, 


ty = (yy... EA 
; eh a eae (1) 

tC, = Ln(Yr; Se tien v,),4 
and suppose further that these equations represent a reversible 
transformation, i.e. that they also define the y’s as functions 
of the x’s, or, in other words, that they are soluble with respect 
to the y’s. If then the w’s are considered as functions of the 


y's (being given in terms of the z’s, which are functions of the 
y's), and the corresponding functional determinant 


pi és titre ‘a 
Yar ++ Yn 
is formed, it will be found, as will be shown below in § 4, 


that D, = D multiplied by the determinant of the functions 
defined by equations (1), i.e. by 


Ae oS et) 
Yy ee Yn 


3. The fundamental theorem on implicit functions. 


* 


Before proving the theorem just referred to, we must recall 
a fundamental theorem relating to implicit functions. It is known 
that a relation between two variables of the type 


defines y as a function of x, provided certain suitable qualitative 
conditions are satisfied.t A classical form of the conditions 
sufficient for solubility is as follows. Let x°, y°, be a point at which 
f vanishes, f being finite in a (plane) region J round the point. 


Let se exist in J and be not zero for x = 2°, y = y®. Then 


1 When an equation is said to be “soluble”, this will not necessarily mean that 
the process of finding an algebraic solution can be carried out. 
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in a certain (linear) region round the value z® the given equation 
defines a continuous function y(x) such that f(y(x), x) vanishes 
identically. 
For implicit functions of several variables the following 
theorem, which is a generalization of the one just stated, holds. 
Let there be given n equations between n variables y and 
any number of variables x of the form 


fity|z)=90 @=1,2,..~n). 


Let there be a set of values 2°, y°, which satisfy these equa- 
tions; in a region round the point x°, y°, let the f’s and their 
derivatives with respect to the y’s be-continuous, and let the 


determinant 
( 1 . . . J) 
Yy seam Yn 


be not zero. Then the given equations define the y’s as functions 
of the a’s in a region round the set of values 2°. 

It will be seen that from a certain point of view the func- 
tional determinant of several functions of the same number of 
variables constitutes a natural generalization of the derivative 
of a function of one variable. This will follow explicitly from the 
applications of the following section. 


4. Effect on a functional determinant of a change of variables. 


Consider first .the (sufficient) condition of solubility of the 
set of equations (1). Write the equations in the form 


D(Yy>-+-Yr)—-% =O %@=1,2,...n), 


and suppose that there exists at least one set of values of the 
ys and the a’s which satisfy them and for which the functions 
z;(y) and their derivatives are continuous. Then, to apply the 
preceding theorem, we must calculate the partial derivatives of 
the left-hand side of each equation with respect to the y’s, and 
form their determinant. But these derivatives are the terms 


ae (j = 1, 2, ...), and hence the condition of solubility with 
Y) 
respect to the y’s is 


ee (cere 
Yr >> °Yn 


FUNCTIONAL DETERMINANTS AND MATRICES 5 


Now take the theorem stated in § 2, and suppose A + 0. 
Multiply together the two determinants D and A, i.e., inter- 
changing rows and columns in A, form the product 


au 8m am) dy Om Aa,| 
Oxy 0X, Lia Ox, OY, OY, oe OY, 
Oo woes ha bl wa se [0G 050" ae OYs 


Out, Ou, OUn Ox, Ox, 02, 
Oxy Oy OLn OYn OYn i OY, 


Applying the ordinary rule, the product by rows gives as 
the typical element a,, of the resulting determinant the expression 


y OU, 0%, ~ du, 


1 0a, Oy, BY, 


(remembering the rule for differentiating a function of one or 
more functions). Hence, as already stated, the product is the 
determinant D,. This result is expressed by the formula 


ce fabs ©) < ¢ ite ) ae KK 5m Ih - 2 
Byline « Ly Gee Vy UPC 

which justifies the use of this notation for the functional deter- 
minants. 


5. The necessary and sufficient conditions for the independence 
of ” functions of 7” variables. 


- If therefore the functional determinant of m functions of n 
variables does not vanish identically, it follows that this pro- 
perty still holds when the original variables are replaced by 
others related to the first set by the transformation (1) (with 
the condition A + 0); in other words, this is an invariant property. 
The following definition may therefore be given: 

Derrinition.—n functions of n variables are said to be indepen- 
dent when their functional determinant does not vanish identically. 
The reason for applying the word “ independence ” to this 
property is shown by the following theorem. 
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THEOREM.— Given n functions u of n variables x, the necessary 
and sufficient condition for the non-existence of any (differentiable) 
relation between them of the type 


Up tes.-. ) — O eee) 


involving only the w’s and not the x’s, is that ther functional deter- 
minant does not vanish rdentically. 

‘We shall first show that the condition is sufficient; then that 
it is also necessary, but for the moment confining the proof to 
a particular case; the theorem in its general form will be shown 
farther on to be itself only a particular case of another still 
more general theorem (cf. § 7). 

Suppose the condition satisfied 


\ 


oo ee Whe accep 


ys. eee 


We shall then show that no relation of the type (3) can exist. 
(Identities are of course not considered; i.e. we exclude the case 
where equation (3) is satisfied when arbitrary values are assigned 
to the w’s, as it would not then represent any relation-between 
the w’s.) Suppose that such a relation does exist. Differentiating 


with respect to x, ...2%,, we should get n equations 
3 of Cy eee 
il OU, Cum 


of 


linear and homogeneous in the derivatives ——. Now since by 
hypothesis f is a true function, not zero identically, these deri- 
vatives are not all zero. Hence the determinant of the coefficients 
of this group of equations vanishes; i.e. D = 0, which is con- 
trary to our hypothesis. The condition (4) is therefore sufficient 
to secure the non-existence of any relation of the type (3). 

To prove that condition (4) is necessary, we shall show that 
if it is not satisfied, i.e. if 

D: =. Oj. ap ee ee) 


then the w’s are connected by a relation (at least one) of the 
type (3). For the moment the only case considered will be that 
in which at least one of the minors of order n — 1 of the deter- 
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minant D does not vanish. This minor will in general be of the 


type 

D' = 4: Ug re oe) 

Ty, Ly, +++ Ly 

where p,,... P,-1 and q,...%n_1 represent any two arrangements 
of n — 1 integers chosen without repetitions from the numbers 
1, 2,....m. But since the order in which the 2’s and w’s are 
made to correspond to the numbers 1, 2,.. . ” is immaterial, we 
can, without loss of generality, suppose numbers assigned to the 
variables in such a way that D’ is the minor formed by the first 
n — 1 rows and m — 1 columns; we thus get 


Pe ee. gh 1 = (6) 


Ly @. Xe!) ce Ln 1: 


This condition expresses the fact that no relation exists 
between the first » — 1 functions. 

Now we know that if a reversible transformation is applied 
to the z’s, it follows from hypothesis (5) that the determinant 
of the w’s with respect to the new set of variables y is also zero. 
Let the relation between the z’s and y’s be given by the following 
equations: 

Y= U(X, ~~. Ly); | 


ay ee 


Yn-1 = Un—4(%, Ca an 
Yn == Ens 


We may note that these formule define a reversible trans- 
formation, since the functional determinant of the y’s with respect 
to the z’s is 
OU, Ou, OU, 
Om "Oty. Om, 


oa 
OUn—1 OUn—1 Uy 
On, CD ag ee Ue 


0 pas 0 1 
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and expanding this from the last row, it is seen to be equal to 
D’, which by hypothesis is not zero. 

Now consider the w’s as functions of the y’s; using equations 
(7) we get 


Uy = Yb 


(8) 


Un-1 = Yn-w 
Un = UY» 22+ Yn-v Yn): 


Expressing the fact that the determinant of the w’s with 
respect to the y’s is zero, we get 


1 0 
0 1 
Pea, ee ue Uy, BAG 
Gig DU Poe! ee oe 
OU, OUpy OU, Op, 
OY, 0Ys = Yn —1 OY 


It follows that the last of the equations (8) does not contain 
Y,; Substituting in it from the remaining equations, it becomes 


Un, = U,(Uy, 3 ST Un-1), 


i.e. a relation between the u’s which does not contain any of the 
a8: 

Hence from the hypotheses (6) and (5) it follows that there 
exists one relation of the type (3), which is such that uw, can be 
expressed in terms of the other w’s. This relation is wnique, 
because if there were another, then eliminating u,, between them 
we should get a relation between w,, ...u,_1; but this, as already 
pointed out, is incompatible with hypothesis (6). 


6. Functional matrices. Definition of the independence of 
m functions of n variables. 


We shall now examine the more general case in which the 
number m of the functions uw is not equal to the number n of the 
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variables 2. For this purpose we must consider the functional 
matric of the given functions, i.e the following matrix of m 
rows and » columns: 


OX, Oy es OL, i 


OUn OUm Ou 


In what follows it will be denoted by M; but it must be noted 
that no numerical value is attached to the symbol, and there- 
fore that M does not represent a quantity, but is an abbreviation 
for the arrangement of terms under consideration. 

The characteristic of a matrix is the order of the non-vanishing 
determinants of highest order which can be constructed from it; 
it can therefore obviously not be greater than the number of 
rows or the number of columns, whichever is the less. 

We now give a definition, which will be justified in the follow- 
ing section. 

- DEFINITION.—m functions of any number of variables are said 
to be independent when the characteristic of their functional matrix 
is mm. It follows immediately that if the number of functions is 
greater than the number of variables, the functions cannot be 
independent; while if the two numbers are equal, the definition 
coincides with that already given, since the matrix becomes a 
determinant of order m, and if its characteristic is m this is 
equivalent to saying that the determinant does not vanish. 


7. Theorem. 


Given m functions u of any number of variables x, if the 
characteristic of their functional matrix is k, then there are m — k 
relations (and not more) between the ws which do not involve 
the x’s. 

It will follow immediately as a corollary that if the functions 
are independent (the case k = m) there exists no relation between 
them. 

The theorem just stated has been proved above (§ 5) for the 
particular cases in which the number of functions is equal to the 
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number of variables and in addition k = m or k = m— 1. 
We proceed to prove it in general, taking various cases in turn, 
as follows: ; 


(1) k = m (and .. m <n), the case of independence; 


_{(Qak =n, 
OE es bes k<n. 


Case (1): & = m. This hypothesis is equivalent to saying 
that there exists a minor of order m which is not zero; remember- 
ing the remark made in § 5, we may suppose without loss of gener- 


ality that 
le 2 oo) aus 
Dye « eee 


Applying the theorem of § 5 it follows that the w’s are not. 
connected by any relation which does not involve any of the 
Se 

Case (2a): k<m, k = n. There is therefore a minor of 
order n which is not zero. We may arrange the suffixes of the 
u’s and the xz’s so that the minor in question is that formed by 
the first n rows and n columns, and we shall have ; 


ah (ik oleae 


aan Ls 


We shall now show that 2,11, Unr+2-- + Up, can all be expressed 
in terms of the remaining w’s, without using the 2’s, so that we 
shall have m — n (which is the same as m — k) relations between 
the w’s. For smce D + 0 we may change the variables. Let: 
the new variables be given by the equations 


Uy =U E eeu 
Un = Un( Ly, - - + Lp). 


Solving these equations with respect to the z’s, and substituting 
the expressions so obtained in w,,,1,... U,», these will be expressed 
as functions of w%4,...U,3; hence the theorem is true for this 
case. ; 
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Case (2b): k < m,k <n. The hypothesis is that there exists 
a determinant of order k which is not zero, and that every deter- 
minant of higher order vanishes. Let us arrange the w’s and the 
x's so that 


Be pe ea he oi eee ia 
Ly. - Uy 
We shall show that any function uw, (hk = k+1,...m) 


can be expressed in terms of the first k functions wu, without 
involving any of the z’s. For this purpose, consider the deter- 
minant © formed by bordering D with the (k + 1)th column 
and Ath row of the matrix; since it is of order k+ 1, it is 
zero by hypothesis, ie. 


a Rees eno. a. 10) 


Darn oe Up Une 


Now applying the theorem proved in § 5, it follows from this 
equation and the inequality (9) that wu, can be expressed as a 
function of uw, ...%,, Which does not involve %,... Xj, X44; Le. 
since we are not yet able to say anything about the remaining 
aM 

Up, = (uy, see Uy, | Ue +425 eC 1 ©.) . . (11) 


The next step is to show that x,,5, ... £,, do not in fact occur 
in this expression. If n = k -+ 1, there is no need to consider 
Ly+2, +++ L,, and therefore the formula (11) represents the expres- 
sion we are in search of, giving w, in terms of w,,... wu, alone. 
If this is not so, let «; denote any of the variables x,,5,... 2, 
and consider the determinant ©’, obtained from © by replacing 
Iy14 by «;, so that 


Us en a ay 
eo = (2 Ie *) = 0, 


Ty» + « Uy 


©’ vanishing because it is a minor of order k + 1 taken from the 
matrix. Expanding it, substituting from equation (11), and 
making certain transformations, we can easily show that it 


involves the vanishing of “i whence it follows that ¢ does not 
i] 
contain z. In fact, representing compactly by the letter D the 
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square matrix of those elements of © which form the determinant 
D, we have 


0 Uy 
0 2; 


@’ 


OU, |* 


0 x; 


Ottp Cue 
Om 3, 12 Oa OD) 


Using equation (11) the elements of the last row are given by 


OU, __ % od Ou, 


Ou; 1 Ou Ou, 
Gey 21 OB 4! SOG 0th 
0%; ~ 0a; 1 Ou, Ou; 


Multiplying the elements of each of the first & rows in turn 
og og 
bye 
_ Ou, OU, 
the elements of the last row (which does not change the value 
of the determinant) the last row becomes 


Oerek, 0 oe 


2 
Om; 


and subtracting the sum of these products from 


and therefore, expanding from this row, we get 


0)! = 2 D: 
Ou; 


Since by hypothesis D = 0, it follows that Bs = 0, which 
) 
proves the assertion. 
The theorem enunciated at the beginning of this section is 
thus completely proved. Applying it to the particular case 
m = n, it coincides with the theorem of § 5, which is therefore 


now shown to hold without any restriction. 
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CHAPTER II 


Systems oF Tora DirFERENTIAL EQuations 


1. Preliminary remarks. 


The reader may first be reminded of some general considera- 
tions on differential expressions. 
Given a function f(2, %,... x,), the expression 


af = 3,7 ae, 
1 02; 


is called the total differential of the function f; it is equal (except 
for infinitesimals of higher order) to the increment of f in passing 
from the point 2, 2, ... £, to the infinitely near point x, + da, 
CS a a 

Given n functions .X, of the 2’s, which, together with their 
first derivatives, we shall suppose finite and continuous, the 
expression 


$= =: Xi(a, Eger AV ae 


is called a differential, or Pfaffian, expression. 

An expression of this form is not always an exact differential; 
i.e. there does not always exist a function f(x, 2, ... %,) such 
that the given Pfaffian is its total differential. The necessary 
and sufficient condition for the existence.of such an f, i.e. for the 
integrability of an equation of the type 


df = WX dae . . . . . (2) 
1 


is that the following 4n(n — 1) conditions should be satisfied: 


eo ie Vie ee ny.) (3) 
On; Ou, 


If these conditions are satisfied in a certain field, the integral 
calculus shows how to construct the most general function f 
which has the required property; i.e. it shows how to integrate 
the given differential expression. All the possible f’s differ from 
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one another by a constant. If we follow the procedure usual in 
elementary treatises, and consider not the whole field but a suit- 
ably restricted region round a point # arbitrarily fixed in advance, 
then in this region each of the f’s is a uniform function (i.e. one- 
valued, like all the functions we are considering) of the argu- 
ments X, Ly, ..- Ly. 

We now proceed to discuss a more general problem an this. 
Let there be m unknown functions wu of n independent variables 
x, and let there be given a set of relations between their differ- 
entials which define the du’s in terms of the dz’s, in the form 


sla uydig > (a =a, 2,2 0d) 


where the X’s are mn arbitrarily assigned functions (finite and 
continuous, together with their first derivatives). 

A group of relations of the type (4) is called a system of 
total differential equations!; equation (2) is obviously only a 
particular case. It may be remarked that equation (2) is itself 
equivalent to the system of n equations 


sL = X,(a) “G4 = 19. eon ee 


and that the equations (4) are analogously equivalent to the 
system of mn equations 


eee m 
CEs XxX r Qa 5 > eo ee = , 
ae ali (@| a) ( 1,2 ) (f) 


Ge te en 


Both are problems of partial differential equations, and are 
soluble only under specific conditions; but if these are satisfied, 


1 In a system of this kind the group of variables to be considered independent 
is fixed in advance. The late Professor G. Ricci in a recent work has considered 
instead a system of 7 equations of the type 


n 


2 Grs(x) du, = 0 (Gelert) s 
1 


determining the conditions that the n variables z may be considered functions of 
any number p(< m) of independent variables, and indicating the steps necessary 
to find the solution (cf. Atti del Reale Ist. Ven., Vol. XX XI, 1922-3, pp. 179-183). 

An account of the general theory of Pfaffian systems, with recent develop- 
ments due mainly to von Weber, Cartan, and Goursat, is given in the last-named 
author’s Lecons sur le probleme de Pfaff (Paris, Hermann, 1922). 
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we shall see that the integration reduces to that of ordinary 
differential equations. 


2. Conditions necessary for integrability. Completely in- 
tegrable, or complete, systems. 


When the problem is stated in the form (4’), it is obvious 
(from the symmetry of the second derivatives of the w’s) that 
a necessary condition for the existence of solutions is that the 
following conditions shall be satisfied: 


dX; _ IX; (: a1 ie ree ). 6) 
Bp Ee: Oe etn Oar fee 


Zz 
The symbol denoting total differentiation has been used as 


a reminder that in differentiating it is necessary to take into 
account that the arguments wu also depend on the 2’s, i.e. that 


aX, 1; ae O Xai >; C) ala OUg 


dx; BG sided ORs: 
eet oe DX. 
ssa. 2 year 1 Gott a 
Ox, BZ 1” Ot, Bl (8) 


Using this result, the equations (5) take the form of 4mn(n — 1) 


relations of the type 
Eka lee OLN Lede kates (6) 


These, it will be seen, in general contain not only the «’s but 
also the w’s (unlike the equations (3)); and we must suppose the 
w’s replaced by those unknown functions of x which satisfy the 
given system of equations. The conditions of integrability can- 
not therefore be given explicitly without knowing beforehand 
the solutions of the system. This difficulty did not arise for the 
equation (2), since the X’s, and therefore their derivatives, did 
not contain the unknown function. 

But it may happen—and this is the most interesting case— 
that the equations (5) are not only satisfied for those particular 
ws which form a solution of the system, but are true identically, 
i.e. for any set of values whatever of the w’s and of the a’s. In 
this case, as we shall see, these conditions are not only necessary, 
but also sufficient, for the integrability of the system, which is 
then said to be completely integrable, or complete. 
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3. The integration of a mutually consistent system can 
always be reduced to that of a complete system. 


We shall now show that whenever a system of total differential 
equations is integrable (in the sense that there exists at least one 
set of m functions w,(%, %, ... %,) Which satisfy the system), 
the integration reduces to that of a complete system; we shall 
thus be able to confine our subsequent discussions to systems of 
the latter kind. 

As we have already said, there are 4mn(n — 1) conditions of 
integrability (5’), while there are m w’s. Now for n > 2, 
m<4mn(n— 1). In general, therefore, there cannot be m func- 
tions u which satisfy these conditions, and therefore the system 
can certainly not admit of solutions. If exceptionally these con- 
ditions are mutually consistent it may happen either that m of 
them are independent, so that there is then one single set of 
values for the w’s which satisfies these m conditions, and it only 
remains to test whether these u’s also satisfy the given system 
of equations; or that they are all satisfied identically (and then 
the system is complete); or that—the most general case—they 
reduce to a number v < _m of mutually consistent and indepen- 
dent equations. In the latter case, v of the unknowns can be found 
in finite terms, expressed in terms of the z’s and the remaining © 
m—v = pw unknowns. Arranging the u’s in a suitable order, 
we may suppose that the equations (5’) give us the last v of the 
functions u, viz. the functions 


Un +12 Upto ++ > Um 


in terms of the z’s and the remaining w’s, 


Uys Un, a» » Uys 
For greater clearness, we shall denote these first » functions 
u' by uws(a = 1; 2,.-. pp), and) theslast paby, Ug. = Uap 


(8 = 1,2,...v). Using this notation, the equations (5’) can 
be put in the form resolved with respect to the Us s namely 


us = f(@|u) (8 ° 0 Os et) 


Next, suppose the system of equations (4) divided into two 
groups; one consisting of the first pu: 


du, = %, X,); («| u) da; (a = 1, 2.5. See ee a) 
al 
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and the other of the remaining v: 


du, = 2X (w| uw) da, (@a=p+l1pt+2,...m=p+ >). 


The latter group, puttmg a = p+ B, we shall write 
in the form: 


We eek ayle | mda (= 1.2...) (4) 
1 


Substituting from the equations (5’’) and (4a), the two sides 
of this last equation become linear expressions in the differentials 
dz;, with coefficients which depend solely on the 2’s and the w’s. 
Since the coefficients on both sides must be the same (the differ- 
entials dz; bemg mdependent), the equations (4b) reduce to 
equations in finite terms, nv in number, between the w’’s and 
the z’s. 

If all these reduce to identities, we need only consider the 
system of equations (4a), in which the functions wu” are to be con- 
sidered as replaced by their values as given by the equations 
(5), so that we have a total differential system, of the same 
form as the original system (4), involving only the w’’s, w in 
number, where p = m—v<m. The essential result in the 
case under consideration is that the system (4a) so reduced is 
necessarily complete. In fact, it consists of a part of the original 
system (4) with the additional relations (5’’) between the w’s. 
The condition of integrability of the whole system (4) (where 
a priori the u’s were treated as so many unknowns) consisted of 
the equations (5), or, we may say, of the equivalent equations 
(5). For the system of equations (4a) the analogous conditions 
will consist of a part of the conditions (5’’) (or combinations of 
these), with the proviso that every w” is to be replaced by the 
corresponding expression given by the equations (5’’) themselves. 
This process obviously leads to mere identities; hence, as stated, 
the system (4a) is complete. 

If on the other hand the equations (4b) give rise to non- 
identical relations in finite terms between the w’’s and the w’s, 
we shall have to associate them with the equations (4a) and 
treat this whole system of equations in » unknowns (including 


some total differential equations and some equations in finite 
(D 655 ) 3 
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terms) as we have already treated the system of equations (4) 
and the conditions (5). 

Proceeding in this way, we shall reach a stage where either 
the conditions are found to be mutually inconsistent, when we 
must conclude that the given system has no solution, or else the 
problem reduces to the integration of a complete system (with a 
number of unknowns which is certainly less than m). Q.E.D. 

In consequence we shall now confine our attention solely to 
complete systems. 


4, Bilinear covariants and the resulting form for the conditions 
of complete integrability. 


We have expressed the condition of complete integrability 
by means of the equations (5), which are supposed to hold for 
arbitrary values of the w’s and of the z’s. We shall now express 
this condition in a more concise form. 

For this purpose take two different systems of infinitesimal 
increments of the 2’s, denoted by dz; and 6x; respectively; the 
corresponding increments of a generic function wu of the 2’s will 
then be denoted by du and du respectively, and will be given 


by 


du = soe dx;, 

1 Om; 

oe (7) 
ou = »; ae OU. 

1 Ox; 


Now the dz’s are arbitrary infinitesimals, on which we can 
@ prior’ impose any hypotheses we please; we shall consider 
them as infinitesimal functions of the «’s. With this hypothesis 
the increments of these dz’s, corresponding to the increments 
dx of the variables, will naturally be denoted by ddz; with a 
similar interpretation for ddz. The increment dw will also be an 
infinitesimal function of the 2’s, and we shall thus have to con- 
sider ddu; ddu will be similarly defined. We shall next obtain 
the explicit expression of these two second differentials of u, in 
order to show that a slight restriction on the arbitrariness of 
the second differentials of the imdependent variables will . be 
sufficient to ensure the result dduw — ddu, whatever the 
function w may be. 
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Applying the symbol of operation § to the first of the equations 
(7), we get (without any restrictive hypothesis) 


1 OX, it Ou; 


n wn 2 
LS ip pai 


hs 1° 02,02; 


ddax; 


Hip oyp Salah cagA) 
1 Ox; 


The expression for ddw will evidently be similar, with d and 
6 interchanged. Now the first part of the formula is unaltered 
by this interchange, while in the second ddz,; is replaced by 
déz; lf therefore we impose on the arbitrary functions dx and 
dz of the «z’s the condition 


doz, = ddx; (Peek ees PM, toes 249) 


which represents a very small loss of generality, the second part 
of the formula (8) will also be unaltered when d and 6 are inter- 
changed; we shall therefore have, for any function whatever 


AD Ge, 22". G,); 
CS ONS Ls SC TO) 


It may be noted incidentally that in the differential calculus 
it is usual to impose a hypothesis involving considerably greater 
restrictions than the conditions (9); the usual convention is 
that the second differentials of the independent variables are 
zero, or that the dz’s are not functions of the z’s, but constants. 

We shall now consider, along with the increments of the 
independent variables, not a function wu with its differentials, 


but a generic Pfaffian ja 


by a 2; Xx; dx;, 
1 


in which the X’s are given functions of the z’s. 

The suffix d has been inserted as a reminder that the Pfaffian 
refers to the increments dz,;; the same Pfaffian relative to the 
increments 62; will be conveniently distinguished by the analogous 
notation 


Bs — z XxX; Ou;.° 
1 
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Both %, and %; will naturally be functions of the a’s. — Cal- 
culating 5%, we thus get 


n n OX 
a 


By = B,8X,de, + BX, dx, = 3, see de,S4; + %, X,Sdz,; 


or with the abridged notation which can be used when several 
summations between the same limits are applied to the same 
general term, 


oe zy 159 see E, Behe 


Interchanging d and 6 we get dy;. steers the relation (9), 
the difference d4, — dibs reduces to 
a0 xs OX; 


Biya Oh a, 5x ee dat, 


But the value of a sum is plainly unaffected by the parti- 
cular letters of the alphabet which we choose to assign to the 
suffixes with respect to which the summation is to be made. 
We may therefore interchange 7 and 9 in the second part of the 
preceding formula, so that we can now write the equation in the 
form 


Se ipireste est zy (_ : = nea (11) 


The expression df; — di; is called the bilinear covariant 
relative to the given Pfaffian. The use of the term “ bilinear ” 
is sufficiently justified by the expression just found, which is 
linear in the arguments dx and also in the arguments dz. The 
name “ covariant ” is due to the circumstance that the numerical 
value and formal structure of the two sides of equation (11) 
always remain the same when the independent variables x vary 
im any way whatever. But we shall return to this point farther 
on (cf. Chapter VI) in connexion with the general idea of in- 
variants (functions or differential forms). 

Meanwhile it may be noted that if the Pfaffian %, is an exact 
differential, i.e. if the conditions (3) are satisfied, the right-hand 
side of equation (11) becomes zero, and we reach a result which. 
has already been found (cf. formula (10)). 
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We may now return to the examination of the system of 
equations (4), and the conditions of complete integrability. Con- 
sider the m Pfaffians which constitute the right-hand sides of 
the equations (4): 


n 
yo = 2; X,); 4%), 
1 


and construct their bilinear covariants. We shall show that the 
two conditions: (a) that these covariants vanish identically, 
however dz and dx are chosen; and (b) that the equations (5) 
are identically true whatever values are assigned to the w’s, 
are completely equivalent, so that the condition of complete 
integrability may be written in the form 


SHO — df= 0 (@=1,2,...m), . (12) 


it bemg understood that this equation must hold for arbitrary 
values of the increments dx and 62.1 

To prove this, take the explicit expression of these bilinear 
covariants, in the form given by equation (11). In differentiating 
it must be remembered that the X’s must be considered as 
functions of the z’s, both directly, and also indirectly as functions 
of the w’s. Using the convention already adopted, the derivatives 
can therefore be denoted by the symbol for total differentiation; 
equation (12) thus becomes 


2 (#20 dX 


uj 
1 


ol) da; 82 — 0. 2) 


Now if the conditions (5) for complete integrability are satisfied, 
the coefficients of this bilinear form (i.e. the expressions in paren- 
theses in equation (12’)) are all zero, and therefore the equation 
is satisfied however the dz’s and 5z’s are chosen. Vice versa, 
suppose that the equation is satisfied however the da’s and 62’s 
are chosen. Then all the coefficients must necessarily be zero. 
For if we take all the dz’s and 6z’s as zero, except one pair, 
e.g. dx; dx;, where 1, 7, are two arbitrarily chosen but definite 


1As a matter of fact we have imposed the restrictions (9) on the second 
‘differentials 6d:x;, déx;, but the infinitesimal increments d2;, 6x; to be assigned to 
the #;’s at the generic point under consideration are still entirely arbitrary. 
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integers of the series 1, 2,...; then the sum in equation (12’) 
reduces to the single term 


bau = ay) dx, 52x, 
da; L; sc 


which cannot vanish unless 
CP Cire AX 5 
dx, 


We therefore conclude that the conditions (5) can be written in 
the more concise form (12). 


0. 


5. Morera’s method of integration. 


We shall now show that the conditions of complete integrability 
are sufficient for integrability, or more precisely that if they are 
satisfied there exists one and only one set of m functions w(z) 
which satisfy the given system of equations and have values 
arbitrarily fixed in advance at a point also fixed in advance. 
Considering these initial values of u as arbitrary constants (as 
evidently they may be considered to be), we can say more 
shortly that the general integral depends on m arbitrary constants, 
or that there are oo” integrals. 

For the proof, we first fix a generic point P,(z}, x2, ... x), 
in the field of variation of the z’s in which the X’s are defined. 
Let P(x}, 2, ...2,) be another arbitrary point in the field, and 
suppose it jomed to Py by a line T which does not leave the 
field. ZT will be defined by parametric equations 


a = di) 9) = 1 Sere ere) 


where ¢ is a parameter which has the value ¢) at Py and the value 
t, at P,. We shall provisionally confine our investigation to the 
points of this line, so that for the present any functions wu of the 
x’s are to be considered as functions of the variable ¢ alone (via 
the z’s and the equations (13) ). Their derivatives will be 


Ui NE OU Oe; 


a 


dt 1 Oa, db 


1“ Zur Integration der vollstindigen Differentiale”, in Math. Ann., Vol. 27, 
1886, pp. 403-411. Cf. also Severt: “Sul metodo di Mayer per l’integrazione 
delle equazioni lineari ai differenziali totali”, in Atte del R. Ist. Veneto, Vol.- 
LXIX, 1910, pp. 419-425, 


(aps Leth) 
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or, denoting differentiation with respect to ¢ by a dot, and sub- 
stituting from equation (4’), 


du, 
= %, 
ae = Te Xae oi (14) 
du i 
a 1 re wr we i We ere! is . é 
or di o (a 1e2; m) (14’) 


The zs are known functions of ¢ given by equations (13); 
hence the equations (14’) are of the type 


du, ” 

=o et |, Rites br.) (Ge 14 Wp (14 
i.e. they form a system of ordinary differential equations, in the 
normal form. Now given m arbitrary constants w®, uz, ... u?,, 


it is known from the calculus that—subject to qualitative condi- 
tions of continuity and existence of derivatives, which we suppose 
satisfied—there exist m functions wu, (¢) which satisfy the system 
(14), and which are equal to the given constants when t = {. 
If, therefore, the w’s are given any arbitrary set of values at Po, 
they are defined at all points of the line 7, and therefore also 
at P,. It may however happen—and does in general—that if 
the points P, and P, are joined by another line instead of 7, 
different values will be found for the w’s at P,. But we shall 
now show that if the conditions of complete integrability are 
satisfied, the values of the w’s at P,, found by the method just 
described, are independent of the line 7’, so that these w’s will 
be functions only of the co-ordinates of P,, that is, functions of 
position; they will satisfy the given system of equations not 
only along a line, but along all the infinite number of lines which 
can be drawn in the given field, or, in other words, in the whole 
of this field. They will therefore constitute the required solutions 
of the total differential system (4), as we shall show later on. 
We shall simplify our task by considering infinitesimal dis- 
placements; i.e. by showing in the first place that the values of 
the w’s at P, remain unaltered if the line 7 undergoes an infinitesi- 
mal deformation; it will follow that they will be the same for 
any line which can be obtained from 7’ by a succession of infini- 
tesimal deformations, i.e. by a continuous deformation of 7. 
If then we suppose the field such that every line joining P, and 
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P, can be obtained in this way, we shall have all that is required. 
Such fields (e.g. a triangle or a circle in a plane, a cube or a sphere 
in space) are called simply connected. 

Consider therefore a line 7” infinitely close to T; we may 
think of it as obtained by displacing each point P of T, of co- 
ordinates x,, to a poimt P’ of co-ordinates x,-+ dz,, and the 
infinitesimal increment dz, may be taken in the form ex;, for 
example, where every x; 1s a finite quantity varying from point 
to point of the curve (and therefore a function of ¢), and « is 
an infinitesimal factor taken as constant, and therefore indepen- 
dent of ¢. With these conditions the parametric equations of 
the curve 7” will be 


@; + 8x; =. $;(t)+ ex: (@). - .:. (15) 


The functions x; may be considered as arbitrary, except for 
the condition of vanishing for t = ¢ and for ¢ = ¢,, so that the 
lines 7’ and T’ may have the same extremities. We shall adopt 
the natural convention of using the operator 6 to denote the incre- 
ment of a generic quantity (scalar or vector) in passing from the 
point P of T to the corresponding point P’ of 7’. 

Now suppose the equations (14’’) integrated along T’; we 
shall get functions of ¢, u, + du,, satisfying the equations 


d ! a i a 

Ty le + Ota) a a ba + Oba) {a aw ly 25% ° . mM), 
dou. 1 
a ey 5 (a)). 

i dt a! Pa) 


using hypothesis (12), expressing the complete integrability of 
the system, we can also write the equations in the form 


ddu, df @ 


dt "dEO 


(16) 


From the theorem of the existence of integrals of ordinary 
differential systems (already referred to in connexion with 
equations (14’) ), it follows that the quantities wu, are uniquely 
determined by these equations together with the condition of 
vanishing at Py. Now the equations (16) are obviously satisfied 
by taking | 

Sug SHPO me ivy Fal ge 
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(i.e. assuming for the quantities Su, the expressions appropriate 
to the case where the w’s are in fact functions of the a’s). These 
expressions vanish with the d2,’s, i.e. at Py (so satisfying the 
initial conditions which, together with the equations (16), deter- 
mine them uniquely), and also at P,; which proves the required 
result. 

It is thus proved that in order to construct the functions 
u whose total differentials are the assigned Pfaffians %“ (satisfy- 
ing identically the equations (12) or the original equations (5) ) 
and which have given values wu? at a given point P,, we need 
only join Py to any point P, by any line 7, and integrate the 
system of ordinary differential equations along 7’. 

To complete the proof, we must now show that the differentials 
of the functions of the co-ordinates of P, obtained in this way 
are in fact the functions ¢“. Consider a point P, infinitesimally 
close to P,; to construct the values of the w’s at P, take the 
broken line made up of T and the small segment P,P,. It is 
then obvious that integrating the equations (14) along this line 
we get, in passing from P, to Py, the increment du, = $. 


6. Note on Mayer’s method. 


The method followed in the preceding section to show the 
existence of the integrals of a complete system of total differential 
equations, is due to Morera. 

There was an earlier method, proposed by Mayer, by no 
means so clear, and seemingly dependent on a purely formal 
device. Morera’s method, which is inspired by geometrical: 
intuition, brings out the true reason for the success of Mayer’s 
device, and provides a criterion for its validity. 

Mayer’s method is to join the points Py and P, by a segment 
of a straight line, instead of by any line 7’, so giving the equations 
(13) the form 


a, = a + (a) — ai) es ea 


the proof consists of a series of purely algebraic operations, 
instead of the proof developed above almost without calculations. 
In addition, while Morera’s method can be applied if we merely 
suppose that the field in which the given equations hold is simply 
connected, Mayer’s method, on the contrary, obviously requires 
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a much more restrictive hypothesis, namely, that any two points 
in the field can be joined by a straight line which lies wholly in 
the field. This property is expressed by saying that the field is 
convex. 

7. Application. 


_ Given a generic Pfaffian 


of =o si X;(x)dx;, 
1 


we shall investigate whether it is possible to find a relation between 
x’s of the type 


1 (Gpitatiee te) aa (C constant), . (18) 


which shall be an integral of the equation 
ob —— >; a dx; == 0, . . . . (19) 
1 


in the sense that the relation produced by differentiating equation 
(18), namely, 


ifcs ege en eens 


1 Ou; 


is equivalent to the equation (19). 

For this it is plainly both necessary and sufficient that the 
derivatives of the unknown function f should be proportional 
to the given functions X;. We therefore need some test to apply 
to the X,’s themselves which will show whether they are pro- 
portional to the derivatives of a single function not known in 
advance. 

This problem, which also occurs in geometrical questions (as 
we shall see in particular in Chapter X), reduces at once to a 
particular case of a total differential system. In fact, given that 
ys does not vanish identically, and therefore has at least one of 
its coefficients not equal to zero, we may legitimately suppose 
that X,, does not vanish identically. We can thus write equation 
(19) in the form 

n-1 Xk 


C2 a a ; 
Dy ai ae (19') 
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In order that this may be equivalent to the equation (18’), 


af 


we must have —~ +0 in the latter. From this condition it follows 


n 


that the equation in finite terms (18) defines a function 
Dee De Boss. an, Cle: cate et tL) 


which makes equation (18) an identity, and therefore also equation 
(18’), as well as the equivalent equations (19) and (19’). This 
last equation is evidently a particular case of systems of the 
type (4) consisting of one equation and one unknown function 
Z,; it must therefore be completely integrable, having as integral 
the function given by formula (18’’), which depends on the arbi- 
trary constant C. Reciprocally, if (19’) is completely integrable, 
then there will be a solution (18’’) depending on an arbitrary 
constant C; solving with respect to C, this becomes an integral 
relation of the desired form (18). The problem therefore reduces 
to expressing the completeness of equation (19’). 
Applying formula (5), the required conditions of completeness 
are 
ht Me 0 dizids 
daa Nun. dig Xi 


G,j = 1,2,...n—1; i+)). 


Expanding the derivatives, these relations are easily put in 
the following form: 


Gen A, Oh An Ox CA; 

OX; OX\ yxy (0X;_oX, x, (Sn ' Lay 
x,(5, =,/)+ (so in )t d eee 
ee an ee 9. 


(20). 


7 


Introduce for the moment the restriction that all the other 
functions X, as well as X,,, are different from zero. We can then 
write 


Catia 4 ’ 
eK Ni, da) pa 


whatever 7 and s may be, so that the conditions of integrability 
take the more concise form 


Pip t Pint Pu = 9 WJ=1,2,...n—1, 149). (22) 


The conditions (22) are 4(n — 1) (n — 2) in number, this being 
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the number of ways of choosing two distinct integers, 7, 7, from 
the series 1, 2,...2—1. They represent all the conditions of 
integrability. Now the choice of the variable x, to be expressed 
as a function of the remaining z’s was arbitrary (subject only to 
the condition X,, + 0); hence in general the relations 


Diy Pe Pix = 0 = Papen Hh) 
must be satisfied, where 2, 7, k, are any three integers, no two of 
which are the same, chosen from the series 1, 2,...m7. Such 


a triplet can be chosen in 4n(n — 1) (n — 2) ways; this is therefore 
the number of relations of the form (22’). But these are of course 
not all independent, since the conditions (22) (which form only 
part of (22’) ) are sufficient for the complete integrability of the 
expression under consideration. In fact, it is easy to show directly 
that only $(n— 1) (n—2) of the equations (22’), e.g. those given 
by formula (22), are essential, the others reducing to algebraic 
deductions from them. 

This can be shown by means of the followmg lemma, which 
holds whatever the terms p;, may be. If p, (¢, k, = 1, 2,...n) 
is a double skew (or antisymmetrical) system,! and if for some 
fixed suffix a the cyclic relation 


Pix + Pra + Pat = 0 


is true for every pair of suffixes 7, k, then this relation is also 
true for any three suffixes 7, k, 1. 


To prove this, take the corresponding relations for the pairs 
k, 1, and I, 2, 


Pa Die a Pa ©; 
Di + Pat Pa = 9: 


Adding, and remembering the condition of skewness 


Prea — Pak == 0, &ec., 


there remains : 
Pint Pu + Px = 9. Q.E.D. 

Substituting in equations (22’) the values of the p’s given by 
1].e, a system of numbers such that a one-to-one correspondence, by a given 


law, exists between them and the pairs of integers 7, k (=1, 2,...), and such 
that py, = — pri for any pair of indices whatever. 
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formula (21), and multiplying by X;X,X, so as to clear of 
fractions, we get the equations of condition 


+ (52S) +, ( Me EX, (eo) ==() 


Om, O04; Ox, 0% Ox; O02; 
ie Pe ean ay en 


(23) 


We thus find this whole set of equations as a necessary con- 
sequence of that group of them—say, the group (20)—in which 
one of the suffixes is fixed, with the further condition that none 
of the X’s vanish. This last condition was applied at the point 
where we divided by the product of the X’s; it is, however, not 
essential, and can ultimately be discarded, as we shall now show. 
In fact, the equations (23) being necessary consequences of the 
equations (20) for any non-zero values of the X’s, however 
small, and being integral in the X’s and their derivatives, it 
follows that we may pass to the limit when any one of the X’s 
tends to zero. We therefore have, for all values of the X’s, that 
the equations (23)—or a group of them of the type (20)—con- 
stitute the necessary and sufficient conditions for the complete 
integrability of the equations (19), or, in other words, the condi- 
tion that the n functions X,(xz,, 2%, ... %,) may be proportional 
to the derivatives of a single function. 


8. Mixed systems of equations. 


In certain problems we have to deal with mixed systems, i.e. 
those containing some total differential equations and some 
equations in finite terms: 


du, = 2, X,),d2; Ca Se 7) alia a 
a! 
Toa | ay "0 Cea Toe eee X24) 


The discussion is essentially the same as that of §3. But we 
propose to go through it again in order to obtain, in a form 
suitable for use in concrete cases, the condition of complete 
integrability of a mixed system of the type (4), (24). 

It is obvious in the first place that a necessary condition for 
the existence of solutions is that the equations (24) (which we 
shall suppose mutually consistent and independent) are not more 
in number than m, the number of the unknowns uw. If there were 
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exactly m of them, they would completely determine the w’s, 
and we should only have to examine whether the w’s satisfy 
the equations (4). We shall therefore suppose 


v< mM, 


and shall imagine the equations (24) solved with respect to v 
of the w’s, which will thus be expressed in terms of the a’s and 
the remaining m — v = p unknowns w. 

As in § 3, we shall call the two groups of w’s respectively 
Ug. (6 1,\2;2..%) and u, (a = 1,2,...), so that the equations 
(24) may be written (cf. equations (5’’) ) in the form 


Ube Safe (Cl ee JB a lanes een 


Corresponding to this division of the w’s into two groups it 
will be convenient to divide the equations (4) into two groups 
(4a) and (4) (as was done in § 3), which we repeat here for the 
reader’s convenience: 


du’ = ©; X, js dey, (a SS ik 2, seine }), . . (4a) 
du, = 2; Xu +p) (@ { a) dary 9 (B = hy, 2Ad se )s0 (40) 


We now propose to show that the given mixed system is 
completely integrable—and it will be called complete—if the 
following conditions are satisfied: 

(a) The conditions (5) for the complete integrability of the 
equations (4) are satisfied when after differentiation the values 
of u’’ given by equations (24’) are substituted in them; they 
need not in general hold when any arbitrary functions are taken 
for the w’’s; 

(6) When the functions w’’ are replaced by their values as 
given by equations (24’), the equations (4b) must be identical 
with the equations obtained by differentiating the equations 
(24’); or more concisely, the equations (4b) must reduce to iden- 
tities on substituting from equations (24’). 

We shall show that if the mixed system is complete, in the 
sense now considered, then the equations (4a), when the w’’’s 
in them are expressed in terms of the w’s and the a’s by means 
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of equations (24’), constitute a completely integrable system of 
pu total differential equations in » unknowns; the w’’s can there- 
fore be obtained from them, and hence, by equations (24’), the 
u's; by hypothesis (6) above, the equations (4b) will thus be 
satisfied. Hence the problem will be solved and its general integral 
(cf. § 5) will contain ~» = m — v arbitrary constants. 
To simplify the formule, we shall agree that if 


® (x | wu’, w’’) 
is any function whatever of the a’s and the w’s, then 
[®] («| w’) 


will denote the same function when the w’’s are replaced by the 
expressions (24’). We shall obviously have 


ay. elt Fa a cme 


oor ne | a cn) 


Ou, 
With this convention, we can write hypotheses (a) and (b) 
respectively in the forms 


aX. aX; 
Ke 
ae] + 3 S| A 
¥ | : [eeu] | x ] 
= Ee ae > Ou, At 
SUE pal eng 
Che ed ay ene 


[ Xee0us| = 3 s ae 5 | Xu] (Be Pris (8) 


(27) 


We have therefore to examine the conditions of complete 
integrability of equations (4a), which will be 
aX) _ 4X] 
dx; dx; 


d 


(a=1,2,...q), (29) 


and we have to show that they are satisfied identically. 
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Let us transform the left-hand side of (29) by first writing out 


in full the result of applying the operator ih to a function of 


the a’s and the ws. We shall get da; 
[Xai [Xai 
eh ae ee cer 


or, using formule (25) and (26), 
| se : ded z 
+3 Zul EE ! ‘| +3, keg se} 
Pa} ] eu 


y 


+2, [ = (+35 fs Eds 


OUg 


and finally, using (28), 
0X OX, 
Eaheaeralacheacrs ae 


Remembering that the m arguments u consist of the two 
groups u’ and w’’, it will at once be seen that this is merely the 
left-hand side of (27). Interchanging 7 and J, the right-hand side 
of (29) similarly is seen to be identical with the right-hand side 
of (27); equations (27) bemg supposed to hold, it follows that the 
equations (29) are satisfied identically. 

It follows that the integration of a complete mixed system of 
the type (4), (24), reduces to that of a complete (and therefore inte- 
grable) total differential system in wp unknowns. The general integral 
therefore contains w = m — v arbitrary constants. 

If the mixed system is not complete, i.e. if the conditions 
(a) and (b) are not satisfied without further restrictions, then 
discussion on the same lines as in §3 obviously shows that we must 
add to the equations (24) so many of the conditions (a) and (0) 
as do not reduce to identities in virtue of equations (24), since 
the equations (12) must hold whenever a set of m integrals w, 
exists. Repeating the same procedure, we reach either an incon- 
sistency, showing that equations (4), (24), can have no solutions, 
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or else a complete system with less than unknowns. In the 
latter case the number of constants in the general integral is also 
less than p. 

A particular result of the foregoing discussion is that if v 
independent equations in finite terms are associated with a system 
of total differential equations in m functions u, the differential 
system being itself complete, then in the most favourable case 
(i.e. when the combined system is also complete) the number of 
constants in the integral is lowered by v units, from m to m — v. 

In general (i.e. when the mixed system is not complete) the 
integrals, if they exist, certainly contain less than m — v con- 
stants. 


CHAPTER III 


LINEAR PARTIAL DIFFERENTIAL EQUATIONS 
COMPLETE SYSTEMS 


1. Linear operators. 


In this chapter we shall frequently use N to denote the number 
of independent variables, which will themselves be denoted by 
the letters z,, .. . Zy. 

Let f(z, . . . Zy) be any function whatever, subject only to the 
condition of being differentiable to any required order. The 
term linear operator relative to f will be used to denote the opera- 
tion by means of which an expression of the type 

av 
x, a of 


1” " 0Z, 


is obtained from f, the a,’s being any functions whatever of the 
z’s. An expression of this kind will sometimes be denoted by a 
formula of the type Af, in which it is hardly necessary to point 
out that A is not a quantity, but the symbol of operation just 

defined. 
We have therefore y 9 
A= %1,4a,—. 
1 OZ, 


It can at once be verified that the linear operator symbol 
(D 655 ) 4 
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behaves in exactly the same way as the differentiation symbol 
when f is a sum, a product, or a composite function (a function 
of one or more functions); i.e. for two generic functions fj, fo, 
we have identically 


A(f; + fo) =F Af, as Af, ae eet Gt) 

A(fi fe) = SiAfe ses Af, 2 er ED 
with obvious extensions to any number of terms. Further, if 
f is given as a function of n arguments 0, V2, . . . Vn, Which are 


themselves functions of z, we obviously have 


el of of 
AfWis Vas a= On) An, Av, 4 a Avy,+...- Av,. (8) 


n 


Now consider the result of applying successively the two linear 
operators 


N 
0 
A =) a 
ra 
B S b d 
=| > ee 
tT oey 


the 0’s, like the a’s, denoting functions of z which are differentiable 
to any required order. 
The second-order operators 


A(Bf), BAS) 


are thus completely defined; they may be written without danger 
of ambiguity in the form 


ABf, BAf. 


Writing out the first of these in full, we get by successive 
stages 


ee op 
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Similarly, interchanging A and B, and therefore a and b, 
we get 


re Ap fran 


It appears from this a the two operators ies and BAf 
are not equal; the second-order terms are however the same, 
as will be seen on interchanging the indices v and p in one of the 
two double sums. It follows that the difference of the two opera- 
tors in question is a linear operator of the first order; it is called 
the alternate function or Poisson’s parenthesis relative to the two 
operators A and B, and is denoted by the symbol of operation 
(A, B), so that 


eR) RAS ee tab Ba, ie 


v 


Bat = 3, Uo, + 3,4 bla 
1 


It followssfrom the definition of the symbol that 
CASE ca BA) fart de Pei esrb) 


We shall now establish a formal property of linear operators, 
which we shall use farther on. 
Let there be » linear operators 


N A) 
Af = Ey tao 


doped sor) Ac) 
Bz, ( n) 


and let any two linear combinations of these (which will also be 


linear operators), n 
Bf = Bi Me Arf, 


Cf ne > Pn Anf, 


be constructed, the 4’s and the p.’s being any differentiable func- 
tions whatever of the independent variables z. 

We propose to show that the alternate function (B, C)/f is 
a linear combination of the operators A and of their alternate 
functions. For the proof, it is sufficient to write out (B, C)f 
in full; this gives 


(B, C)f= Bef — CBf = ma Xi. A, ‘Gace 2 Pr A, (Bf) 


= 2 [A,. A), (1, Ai, f) — py, Ay (Ay A, PD: 
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Applying the rule for the differentiation of a product, the last 
expression becomes 


Di [(A, Abn) A, f— (14, Ap,Ax) Ap Tf | - Dane tn [A, A), f- A, A;, Tt 
so that finally 


(B, Of = Eun [vA rttn) As f— (tn Ande) Av f+ Ne ttn(Aw An) fl: 
; Q.E.D. 


2. Integrals of an ordinary differential system and the partial 
differential equation which determines them. 


Consider a system of n ordinary differential equations of the 
first order, in m unknowns z,. Denoting the independent variable 
by ¢, and supposing the equations solved for the derivatives of 
the unknown functions, we get the equations in what is called 
the normal form: 

dz; 


ao ; (a | ¢) (j= D2 sold eee ae) 


Any set of n functions x,(t) which satisfies the given equations 
is called a solution of the system. 

The term integral of the system, on the other hand, is used 
to denote any function f(x|t) which reduces to a constant when 
the x’s are replaced by any solution of the equations (6). We 
can therefore say that f is an integral if the result 


f(x |) = constant 


is a necessary consequence of the differential equations (6). 

We shall now show that all the functions f with this property 
(and no other functions) satisfy a homogeneous linear partial 
differential equation of the first order; it follows, as we shall 
see farther on, that the integration of an equation of this form 
can always be reduced to that of a system of the type (6). 

Let f(x | t) be an integral of the equations (6); then by definition, 
when the x’s represent functions of ¢ which satisfy equations (6), 
we have 

f(x|t) = constant, 
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and therefore, differentiating with respect. to ¢, 


af 4 &, af da, _ 


1 04, dt j 


or, since the functions 2;(t) satisfy equations (6), 


a a: 5 of y 
a+ Eno x Dt eee Ser 


This is the partial differential equation referred to. Introducing 
for shortness the linear operator 
0 


6) n 
d,s) OS SS a me A Ue . 
at Pye aes ve 


we can write it concisely in the form 
Af = 0. 


Now by hypothesis equation (7), like the equation f = con- 
stant, from which it is derived by differentiation, becomes an 
identity when the w’s in it are replaced by any solutions whatever 
of the system (6); from this it is easy to deduce that (7) is an 
identity, that is, that it holds for any values whatever (in a 
suitable field) which may be assigned to the arguments 2g, t, 
of which fis a function. In fact, given n + 1 numbers z},... 2), 
ty, belonging to a field within which the general existence theorem 
holds for the system (6), we know that there always exists a 
solution x; of the system (6), which takes the values 2},... 2), 
when ¢ = f). Now equation (7) must hold (whatever ¢ may be) 
when this particular solution x,(t) is substituted for the 2’s. 
In particular, putting t = ¢), the equation is satisfied for the 
values a, ty, arbitrarily chosen in advance. Q.E.D. 

It is further evident that any function f(z | t) which satisfies 
equation (7), when the z’s and the ?’s in it are treated as indepen- 
dent variables, constitutes an integral of the system (6). In 
fact, since equation (7) holds however the 2’s are chosen, it will 
be satisfied in particular when we take a solution of the system 
(6) for the x’s; but when this is done the left-hand side of equation 


(7) becomes identical with cs The function f is therefore such 
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that when the z’s are solutions of the system (6), ge 0, or 
f = constant. dt 

To sum up, we can state that the necessary and sufficient 
condition that a function £(x | t) may be an integral of the system 
(6) is that it should satisfy the partial differential equation (7), m 
which the x’s and t are n + 1 independent variables. 


3. Principal integrals. 


Among the integrals f of the system (6) (which, as we have 
seen in the preceding section, can also be called integrals of 
equation (7)), there are, for each value ¢, of ¢, n of special impor- 
tance which we now proceed to specify. 

We take as our starting-point the most general solution of 
the equations (6), which is known to be a set of » functions of t, 


containing n arbitrary constants x}, ... x): 


t= ;(¢| 2) gee Pe ee) ee Se (is) 


The constants x° are the values of the z’s for a given value 


t, of t, so that 
? (g)-4 = 2A 3) ine eee (9) 


We shall show first that the equations (8) are soluble with 
respect to the xs in a region round the point ¢). Write them in 
the form $,(t| 2) — 2, = 0, 


and consider the functional determinant of the left-hand side 
with respect to the xs, which is 


Die (erie bz — ty». by — ) 
or, since the xs are contained only in the ¢’s, and not in the 
XB, 
pr HE etal) 
Now calculate the value Dy of this determinant for t = f. 


Since the determinant itself contains no derivatives with respect 
to ¢, we shall obtain the same result if we differentiate the functions 
d(t| «°) with respect to the xs, form their determinant, and 
finally make ¢ = ft, as if we first make ¢ = ¢, in the ¢’s, and 
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then form the determinant of their derivatives. Following the 
second alternative and remembering the formule (9) we see at 
once that the determinant becomes 


Pte ee 
Tee eth s) =1#0. 


gy ee ol 


Now if D, which is a continuous function of ¢, does not vanish 
for t = ¢, it will have these same properties in some region 
round ¢, and therefore within this region the equations (8) will 
be soluble with respect to the xs. 

Solving the equations, we shall get 


Soo wle t=) bor. #), .- . (10) 


and the w’s on the right-hand side constitute » integrals of the 
system (6). In fact, if we replace the z’s in them by any solution 
of the system (6), (i.e. by a set of n functions obtained from the 
equations (8) by assigning particular arbitrary values to the 
constants x°), then each w necessarily becomes equal to the 
corresponding 2°, i.e. to a constant. 

The integrals of equation (7) obtained in this way are called 
principal integrals relatwe tot = ty. From the definition it follows 
that 

w; (2° | t)) = az. 


Writing x instead of «°, we see that a characteristic property 
of the principal integrals w, relative to t = ty is that each of the 
functions w;(x | t) reduces to the corresponding variable x when 
t = ty. 

Without undertaking a detailed study of the n principal 
integrals, we may at least show that none of them can be expressed 
as a function of the others only; i.e. that considered as n functions 
of the n + 1 variables x and ¢, they are independent. For this 
it is necessary and sufficient that the functional matrix (with 
n rows and n+ 1 columns) of the w’s with respect to the 2’s 
and ¢ shall have n for its characteristic; 1.e. that the matrix shall 
contain a determinant of order m which is not zero. Now if we 
take the determinant 


Wav Wey site 1a U0, 
1 2 Ar 4 Rea 
he ey, 
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and apply to it the same considerations as we have already used 
for D, we find that it = 1 for t = ¢ (since then w; = 2,) and 
therefore there is a region round ¢) in which it is not zero; hence 
the characteristic of the matrix is n and the principal integrals 
are independent. 


4. Independent integrals. General integral. 


More generally, n integrals 1, 7, . . . v, of equation (7) are 
said to be independent if the functions v;(x | t) (i= 1, 2,... n) 
are independent. Of course every function 


PO, 2% LORE VS Pe 


of the w’s only is also an integral, as follows immediately from 
formula (3), remembering that for every v,, with the operator 
A as defined by (7’), we have 


Ay, = 0. 


v 


But the reciprocal theorem is also true, and every integral 
of equation (7) can be put in the form (12), which therefore repre- 
sents the general integral of equation (7). 

To prove this, let f be an mtegral of equation (7); then the 
n+ 1 equations 


n 


of of 
Ala 
f eine Tes ¢ ; 


OVE. er OW; : 
AUS eae ee eee re inal Per Varah s!) 8 
ot . 1" 02; d ( ) 
linear and homogeneous in the m + 1 quantities 1, X,,... X,,. 


which do not all vanish, will be satisfied. The determinant of 
their coefficients must therefore vanish, i.e. 
; (Ae tee sea 
ND Sos WP 
This means that f, v,, v2, ...v,, are not independent. As the 
v’s are independent, one of the determinants of order n of the 


functional matrix relative to v,, v2, .. . Vv, 18 certainly not zero. 
But this is the case considered in § 5 of Chapter I; hence we 
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conclude that fcan be expressed in terms of the v’s only, without 
involving ¢ or the 2’s. 


5. Direct study of the most general linear homogeneous partial 
differential equation. 


As a consequence of the relations which we have shown to 
hold between lmear homogeneous partial differential equations 
of the first order, and systems of ordinary differential equations 
of the first order, we can in every case reduce the integration of 
an equation of the former kind to the integration of a system of 
the latter. In fact, equation (7) differs from the most general 
possible equation only in having one of its coefficients equal to 
1; but it will be at once obvious that every linear homogeneous 
equation of the first order can be reduced to this form—an 
elementary remark which we shall examine in more detail. 

Consider the equation 


N 
pes EO! |, Fone 8} 
1 Oz 


Vv 


in N independent variables z,, ... z,. 

At least one of the a’s, say a,, will be different from zero. 
We may therefore divide the equation by a,. As a result of this 
step, Z, 1s in what we may calla privileged position (the co- 


of 


efficient of ar being reduced to unity); it is therefore natural 
zy 
to denote it by a special symbol. Calling it ¢, and introducing the 
symmetrical notation 7, %,...%,,(m = N — 1) for the remain- 
ing variables z, equation (13) becomes 
Gp pes ors TG. 


i 


Dt, as 102, 


which will coincide term for term with equation (7) if we put 


The corresponding system of equations (6) will thus be 


Pe emee teeny TP, ot ny S82 (14) 
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Integrating these m equations, in which ¢ is considered as the 
independent variable, we get the functions 2; (¢ | x°), which reduce 
to x? when t = ¢); solving for each of the xs, the resulting 
expressions © 

w(x | t) = w;(2) 


will be the ” principal integrals of equation (13) relative to t = to, 


and we may take 
ERD 5. == Ws) 


as the form of the general integral, where the symbol F denotes 
an arbitrary function. 

It will frequently be quicker not to find the principal integrals 
w, but to obtain n independent integrals v,, v2, ...v, of the equa- 
tions (14) in any way whatever. The general integral is then at 
once expressible as an arbitrary function of the v’s only, in the 
form 

LCi Oe) 


We have seen that we may choose as independent variable 
(for the system of equations (14) ) any one of the variables z 


which contributes an actual term - 

2 
sponding coefficient a not being zero). The choice may be deter- 
mined by reasons of convenience for the particular case concerned. 
In order to avoid prejudging the case before the necessary reasons 
for our choice appear, we may write the equations (14) in the 


form 


to equation (13) (the corre- 


or, returning to the original notation, 


ae Ne Pe a, Cal) (15) 
ay Ay ay 


It will be seen that these can be at once written down from 
the given partial differential equation; it should be noted that 
if any of the a’s is zero, the differential of the corresponding 
variable must also be equated to zero. 
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Examples: 


(1) Take the equation in three variables 


fie » Jef , 
ap ef rails Oe. oe =) ee O16) 


The corresponding system of two ordinary differential equa- 
tions is 
dz.” dy» dz 


Le. d logr = d logy = d logz. 


Writing these in the form 
d logy — d logr = 0, 


d loge — d logx = 0, 
which is the same as 


d log! 21) 
x 
dlog~ = 0, 
z 
we get 
= cs aes Cy (¢, €, constants). 
L ne 


This is merely the most general homogeneous function of 
degree zero. In fact, if ¢(x, y, z) denotes the latter, then by 
definition we must have, for any value of A whatever, 


P(Ax, Ay, Az) = G(x, Y, 2); 
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¢ is therefore in effect an arbitrary function F of - z 
© 

We have thus found for a particular case (which can obviously 

be generalized) Kuler’s well-known theorem on homogeneous 


functions. 
(2) Take the equation 


Cae igs 
OL S04. 102 
a. 
Ea eg ee 
Gs ee 


where a, 6, c are constants which are not all zero. Putting 


( | 


z 
ee 


lee 
bc 


5) Y= an) ie) 
la b| 


Cc a 


the equation may be written in the form 


pie ie 2 


> 


and the corresponding system of ordinary differential equations 
is 


Ce xs EP Rs Vn Sep ae SE Rete 


Taking x as independent variable, we shall have to integrate 
the two equations 
dy YY dz Z 


Odun Ronnie Xe 


But we can find two independent integrals more easily by 
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another method. In fact, from the form of the equations defining 
X, Y, Z, we see that the equations 


aX--y¥-2Z= 0) 


Oh gt ay heer) Arosa ae of) 


are satisfied, since the given determinant vanishes if the elements 
of the’ first row are replaced by 2, y, z, or by a, b, c; expanding, 
we find that the equations (18) are identically true. 

Now if da, dy, dz satisfy equations (17), ie. are proportional 
to X, Y, Z, we can substitute them for X, Y, Z in equations 
(18), so getting 

ada + ydy + zdz = 0, 


adxz + bdy + cdz = 0 


The left-hand side of each of these equations is an exact 
differential; hence, integrating, we get as a necessary consequence 
of equations (17) 

YV+yt =a, 
ax + by + cz = &. 


These are two particular integrals of the system, which are 
certainly independent, since at least one of the coefficients a, ), ¢, 
is not zero. The general integral is thus 


F(a? + y2+ 2, ax t+ by + ce). 


Geometrical interpretation.— When there are three (or two) 
variables, the foregoing discussion can be given a geometrical 
interpretation in ordinary space (or in a plane). For this purpose, 
let any integral f(z, y, z) of an equation 


ey a 
(2) nae 7 te 1 hy. x 


be considered as the parameter of a family of surfaces f = con- 
stant. By a suitable choice of the constant on the right-hand 
side of this equation, we can make one surface of the family 
pass through a point P arbitrarily chosen in advance; it is plainly 
only necessary to give this constant the value of f at the chosen 
point P. The equation (a) which f must satisfy expresses the 
geometrical fact that at any point P the normal to that surface 
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of the family which passes through P is normal also to the direc- 
tion of the vector (X, Y, Z), given as a function of position. 
The system of equations associated with equation (a), namely 


which expresses the relation of two of the variables to the. third, 
represents on the other hand a property of certain curves. We 
know from the existence theorem that we can find (and in only 
one way) two functions « = a(z), y = y(z) which satisfy the 
system of equations (b), and which take values Zp, Yo, arbitrarily 
fixed in advance, when z has the value zp, which is also arbitrary; 
hence we can state that, given any point P, there passes through 
it one and only one curve which has the property expressed by 
the equations (0), i.e. that of being at every point in the direction 
of the vector (X, Y, Z). An aggregate of curves such that one 
and only one of them passes through every point of a given field 
is called a congruence. 

There is a very simple relation between the family of surfaces 
which represent the mtegrals of equation (a) and the congruence 
of curves which represent the solutions of the system of equations 
(6), namely, that each curve of the congruence les wholly on a surface 
of the family. In fact, consider a point P(x, y, z), and let LZ be 
the curve of the congruence, and S the surface of the family 
considered, which pass respectively through P. We shall show 
that a pomt which undergoes an infinitely small displacement 
along L, from P to a point P’, does not leave the surface, or in 
other words that if the equation of the surface S, f(z, y, z) = C, 
is satisfied by the co-ordinates x, y, z of P, it is also satisfied by 
the co-ordinates x + dx, y+ dy, z+ dz, of P’. The result is 
obvious, since for the co-ordinates of P’ f becomes 


fey + Zant Vays Lan, 
x oy Z 


and as dz, dy, dz, are by equations (b) proportional to X, Y, Z, 
the increment of f is proportional to 


thee 
Ox Zz 


which vanishes by equation (a). 
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The surfaces considered are therefore formed by curves of 
the congruence; these curves are called their characteristics. 

We can of course avoid the use of infinitesimal displacements 
in proving the property that every curve of the congruence lies 
wholly on a surface f = constant. The argument, which is 
essentially the same as before, will be as follows. Let the vari- 
ables x, y, z, in the expression f(z, y, z) be considered as the co- 
ordinates of points of a curve LZ of the congruence, and let A 
be any parameter, e.g. the arc of the curve, which fixes definitely 
the position of a point on L; 2, y, z, are thus considered as definite 
functions of A. Substituting these functions of A for z, y, z in 
the expression f(z, y, z), we shall see that the result is independent 


of A, or that z = 0. We have in fact 


df «ef ale of als dz. 


dd dx ddA dy dda. dz dr’ 


da dy de 
dN dX dN af 
X, Y, Z, and f satisfies equation (a); hence Fee: 0. The fact 


but by equations (5), along L, are proportional to 


that f remains constant along L is the algebraical equivalent of 
the geometrical property that the curve L belongs to a surface 
jf = constant. 


6. Integrals of a total differential system, and the associated 
system of partial differential equations which determines them. 


Starting from a system of ordinary differential equations, 
we have succeeded in integrating the most general linear homo- 
geneous partial differential equation of the first order. By an 
analogous procedure, starting from a system of total differential 
equations, we shall succeed in integrating the most general 
system of linear homogeneous partial differential equations of the 
first order. ; 

Consider the system of equations 
du; Cave eee ime ~ (19) 


ali 


jae xX 
1 


We shall apply the term integral of this system to every 


48 INTRODUCTORY THEORIES 


function f(x | u) which is such that it reduces to a constant when 
the u’s are replaced by any solution of the equations (19). 
Differentiating f we get 


df a 2; wi da; ae Das isle dg, 
fe on, 1 OU 


a 


and, if the w’s are solutions of the equations (19), 


fs eo is oF x1) de 
1 0 x“; 1 0 U, 
The necessary and sufficient condition for the vanishing of 
this differential, whatever the da’s may be, is evidently that the 
nm equations 


Tiers Sy aN ey =", 2D. Lien) eeu) 
On, 1 OU, 
shall be satisfied. They must be satisfied not only when the 
u’s are solutions of the equations (19), as is clear from what has 
already been said, but also identically, which can be seen in the 
same way as for the corresponding result in § 2. 

Introducing the lmear operators 


Q, ae se ey ks . . . . . . . (21) 
1 OU, 

Bos si) (Sg he ate . (22) 
Ou 


the equations (20) may be written in the form 
By =O (i253 U2 eee ee 


The system of equations (20) or (20’) is said to be associated 
with the system of equations (19); the necessary and sufficient 
condition that f may be an integral of the system of equations 
(19) is that it should satisfy the associated system of partial 
differential equations (20), or, in other words, that it should be 
an integral of the associated system. 


7. Principal integrals, as typical cases of independent integrals. 


Suppose that the system of equations (19) is completely 
integrable, and let us assign fixed arbitrary values to the con- 
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stants 2° and w® in the field in which the X’s are regular; then 
we know that there exist m functions, _ 


u, = $,(x | u®) foe oe 10) 


regular in the region round the values 2°, w°, which satisfy the 
equations (19), and which become respectively equal to the 
assigned constants u? when «; = 2}. The equations so written 
are soluble with respect to the quantities u° in a region round 
the point «°, as can be shown by means of the same arguments 
as those used in §3. Suppose them solved; we can then express 
the u°s in terms of the z’s and the w’s, and we shall write 


ww, (a |.) = up. 


The w’s are evidently integrals of the system of total differential 
equations (19), and are therefore also integrals of the system of 
partial differential equations (20); we shall now show that they 
are independent. 

Consider the functional matrix of the w’s with respect to the 
zs and the w’s; we shall have to show that its characteristic is 
m, or, which comes to the same thing (since it contains no deter- 
minants of order > m), that it contains a determinant of order 
m which is not zero. Now the determinant 

ee WS rae =) 
hy Big ae es thy, 


becomes = 1 when 2; = 2?, and therefore is different from 


zero in a region round that point; hence the required result 
follows. 

The m independent integrals w are called principal integrals 
of the total differential system (19), or of the partial differential 
system (20), corresponding to the values a; of the independent 
variables x. We have thus shown that, with the hypothesis that 
the system of equations (19) is completely integrable, the system 
of equations (20) (or (20’)) admits of m independent integrals, 
which can be determined in an infinite number of ways; namely, 
the principal integrals just considered, which in general vary 
with the choice of the initial values 2°. 

Here too, as in § 4, we shall say more generally that the 


m integrals 2, V,.. VU, of the system (20) are independent 
(D 655) 5 
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if the functions v(x|u) of the n+ m variables « and wu are 
independent. 


8. The general integral. 


By a property already noted of linear operators, if we con- 
struct any function whatever of the v’s, 


LEO ne Ss Og) eck ea ee 


we get a new integral of the system of partial differential equations 
(20). In addition, for the system of equations (20), as before for 
the single equation (7), the most general function which satisfies 
the system is included in the expression (23); or this expression, 
when F is considered as an arbitrary function, constitutes the 
general integral of the system. 

To prove this, let f(x |w) denote any integral of the system 
(20), and consider the functional matrix of the »n + 1 functions 


(of m+ mn variables) v, V2. + Uns 
Ov Ov, «0% Ov, 
Oa plOd, Ou POT ons 
M — }e0,, 8m 2% m 80m 
OL, 2 PicOh, fu le robe, 
GE eed oe 
OD ie ooh Cais Od eeake Oneal 


If we can show that the characteristic of this matrix is m, 
it will follow that there exists (m + 1) — m, or 1, relation between 
the m-+ 1 functions which does not involve the w’s or the w’s 
(cf. Chapter I, § 7). This relation must necessarily contain f 
explicitly, since there can be no relation connecting the v’s alone. 
We can therefore solve it for f, which will have the form ea 
so giving the required result. 

We shall first make a slight change in the form of the matrix 
M, by making it contain only derivatives with respect to the 
ws. This is aoe done, for since 


By, = 0, Bf = 0, 
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~ we get from formula (22) 


ov of 
Ca; ia Oa, LO 
The matrix thus becomes 
0 0 
a Ow, as 8) @ eee Q.,% ah Cua aa 
uN = 
‘ ane Q40m oe 750 Oe, Cem 2 Fe 2m 
Ou, OUm 
0 0 
are iy goede ce adele 
Ou, OU, 


To prove that the characteristic is m, we have to prove: 

(1) That every determinant of order m-+ 1 (the highest 
order possible) vanishes; 

(2) That at least one determinant of order m does not vanish. 

A generic determinant of order m-+ 1 will be formed by 
taking all the m + 1 rows, and m + 1 columns chosen arbitrarily 
from the m + n of the matrix. These m + mn columns are of two 
types: the first n contain the operators Q, the remaining m the 


operators let r columns be taken of the first type, and s of 
u 


the second, with of course r+ s = m-+ 1. Now in order to 
write down in a perfectly general form a row of this determinant, 
which will contain either the v’s or (if it is the last row) f, we shall 
use the symbol ¢ to denote either one of the v’s or f; we can then 
write the row as follows: 

Op Oo 0d 


Q:,¢, 4, o0 6 OQ, d, or ? ie oe aa, 5 
key Iry 5 Ie 


where the suffixes h,, hy, .. . h, constitute any arrangement of 
y numbers, chosen from 1 to n, and the suffixes hy, k,, .. . k, any 
arrangement of s numbers, chosen from 1 to m. Remembering 
the definition of Q given in (21), we see that each of the first r 
elements of the general row is a linear combination of the other 
elements; or, as we usually say, that the first 7 columns of the 
determinant are linear combinations of the other columns. The 
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determinant can thus be broken up into a linear combination of 
determinants of order m + 1 in which all the columns are of the 


second type (ic. are composed of terms =). But there are in 
all only m columns of the second type; it is therefore impossible 
to choose m+ 1 of them without repeating at least one. It 
follows that in each of these partial determinants there are at 
least two columns equal, and therefore these determinants all 
vanish. The general determinant of order m- 1, which is a 
linear combination of them, must therefore also vanish. This 
proves the first of-the required propositions. 

The existence of a non-vanishing determinant of order m 
is a direct consequence of the hypothesis that the integrals v 
are independent. 

We have therefore proved completely that the characteristic 
of M is m, and therefore that f can be expressed in terms of the 
independent integrals v, i.e. that f has the form given in (23). 


9. Direct study of the most general system of linear homo- 
geneous partial differential equations of the first order. Complete 
systems. Jacobian systems. 


Let us consider a generic system of n linear homogeneous 
partial differential equations of the first order, in N variables, 
and with only one unknown function: 


Pera r 

Ai fi Op le ie son) ere) 
1 02, 

We shall suppose that these n equations are independent, 

and we can therefore assume n < N. In fact, if n > N, the 


equations, which we have supposed independent, considered as 


algebraic equations in the N quantities a , would be mutually 
vA - 

: o 

inconsistent; and if m = N, this would imply that a San) 


v 


or f = constant. Further, it is clear that every f which satisfies 
equations (24) must necessarily also satisfy the following 4n(n—1) 
equations (obtained by constructing all possible Poisson’s paren- 
theses with the given operators): 


(A, 4)f=0 (hb =1,2,...n). . (25) 
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These are differential consequences of the given system. Since 
derivatives of the second order disappear from equations (25), 
it may happen that these equations, or some of them, are also 
algebraic consequences of the system, i.e. that they can be obtained 
algebraically by taking a linear combination of the n given 
equations. 

If all the equations (25) are algebraic consequences of the 
system of equations (24), this system is called complete. 

In the opposite case, consider the system formed by adding 
to (24) those of (25) which, together with (24), are linearly inde- 
pendent. The new system will be equivalent to the original one, 
and will contain one or more additional equations. Repeating 
the same procedure for the new system, and so on, we shall reach 
either a complete system or else a system in which the number 
of equations is equal to or greater than N — the case of mutual 
inconsistency, as already noted at the beginning of this section. 

We need therefore only consider complete systems. The 
condition of completeness can be written in the following form: 


(Aap = % Pua Arf, Se em 5) 


where the coefficients p denote functions (a prior of any form 
whatever) of the independent variables z. From the definition, 
and applying identity (5), it follows that the coefficients p satisfy 
the relations 


Pra = — Puna (h, k,l = 1, 2,...m). 


A particular case — of special importance — of a complete 
system is that in which all Poisson’s parentheses are identically 
zero (i.e. all the coefficients p are zero); when this is so the system 
is called Jacobian. 


10. Equivalence of every complete system to a Jacobian system 
with the same number of equations. Note on Cramer’s rule. 


We propose to show that a complete system can always be 
replaced by a Jacobian system with the same number of equations; 
thus the consideration of any complete system can be reduced 
to that of a Jacobian system. 

Starting from the system of equations (24), we shall suppose 
that it is complete; i.e. that the equations (26) are satisfied. We 
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shall adopt the following procedure: we shall construct n distinct 
linear combinations of the given equations, 


Bf = Yer 4if = 9, « - « (2%) 
1 
with the condition 
| ca | mS eyed (=n A in athe) 


and we shall choose the coefficients c in such a way that the 
system (27), which is equivalent to the given system, may be 
Jacobian. . : 

_ Before doing this, however, we shall write the given equations 
in a slightly different form. We know that the matrix of the 
a’s has its characteristic equal to n (since the equations are inde- 
pendent); let us arrange the variables in such an order that the 
determinant a formed by taking the first n columns of the matrix 
may be that which does not vanish (or one of those which do 
not): 


Ay, Ag +++ An 
Aq, Age Gan, 

Oh —= = 0 
any ang aneene Ann 


We shall next divide the variables z into two groups: we shall 
call the first m of them 2, 7, ... %,, and the remaining VN — n 
= mwe shall call w,, uy, ... U,. With this notation, the given 
system can be written in the form 


5 BAS rie ages (Kars Deiat} 
1 Ox, 


where U;, denotes an operator involving only derivatives 
with respect to the w’s, the explicit expression of which does 
not for the moment concern us. Now solve! these m equa- 


? Cramer's well-known rule may be put in the following form, which we shall 
frequently use, here and elsewhere. 
Let there be given n linear equations 
n 


2 y yk ae = Whe (k => Hy 2, eae n), a, p yee Miedo abe (a) 


such that the determinant a of their coefficients is not zero. 
We shall denote by a”$ the reciprocal element of the generic element ays of the 
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tions with respect to the terms Bs . Putting them in the form 


v 


7 4) 
», Ake 5 = U, Sf, 


multiply each equation by the corresponding a’ (the reciprocal 
element of a,, in the determinant of the a’s) and sum with respect 
to k from 1 to n. We thus get n linear combinations: 


of = — Te ULF C= il. 2, Be wet 
1 


Oa, 
which are independent, since by a well-known result the deter- 
minant of the coefficients a” is equal to y and therefore is not 

a 


zero. These equations can be written in the more concise form 


ag fe On en ny es 
Ox; 


where the Q,’s represent linear operators containing, like the U’s, 


determinant a; i.e. the algebraic complement (or minor) of ays divided by a. 
Then, applying two ordinary theorems on determinants, and indicating by 6; either 


zero or unity, according as r == s or r = 8, we get 
= je 
Zt” =) Sig wide Niet ce) Mel ees (B) 
n : 
i) st, 
Spee! be A et, OG YOR Da 5 wo) teh 


Applying these properties, the equations (a) can be solved by constructing 
suitable linear combinations of them. For instance, to find £;, multiply the Ath 
equation by a*; then giving k all values from 1 to n, and summing, we get 


he i 
Zi a” 2, Cle iy = 2 oy 


The left-hand side of this equation can be transformed as follows: 


eS n nae n 
= Tie = Deron ui aat 
“taal yn Ey = 2, gy zn ca oy Ee = ts 


hence the solution is given by the formula : 


ae 
[ka atk Devers pp te NMA eae 8 28 (a’) 
1 
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only derivatives with respect to the w’s, and therefore of the 
form 


The system of equations (24’) is equivalent to the original 
system (24). The only formal simplification is the specially 


simple way in which the terms in ae ae But we shall show 
Ly 


that the system (24’) has the advantage of being both complete 
and Jacobian; it therefore constitutes precisely the system we 
are in search of, containing linear combinations which we 
have denoted in equations (27) by the operators B;; the co- 
efficients ¢,, of (27) will be identical with the coefficients a’. 

We shall first show that the system (24’) is complete. We can 
write it shortly in the form 


Bite. 00 ee head ae 
where 
4) 4) m 4) 
Oa ek =e a Ses 
AG i Ps oe alt Ou ( ) 


a 


Be 


Since the operators B are linear combinations of the A’s, 
it follows from a theorem proved above in § 1 that Poisson’s 
parentheses (B;, B;)f are linear combinations of the expressions 


Apt: (A,, A,)f. 


Now since the system (24) is complete, it follows that the 
expressions (A,, A,) f are in their turn linear combinations of 
the expressions Af; so that the operators (B;, B;) are seen to be 
lmear combinations of the A’s alone. But the A’s are linear 
combinations of the B’s (since the B’s are independent com- 
binations of the A’s); hence ultimately the operators (B;, B) 
are linear combinations of the B’s. In other words, the system 
(24’’) also is itself complete. 

We can therefore write 


(B,, B,) f= Gin Bif, . . . . (29) 


where the coefficients q are analogous to the p’s of formula (26). 
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To show that the system (24”) is Jacobian, we must prove 
that all the coefficients g vanish. We note that both sides of 


of 


equation (29) are linear in the terms ao and the identity cannot 


ry 
hold unless the coefficients of the same derivative, e.g. oe, are 
Xp, 
the same on both sides. We proceed to find these coefficients. 
The left-hand side of (29) can be written in the form 


B; GE+ af) 3B; (sf = o,f). 


We saw in § 1 that the result contains no second-order 
derivatives; it is therefore unnecessary to apply the operator B 
to the derivatives of f, so that the expression in question reduces 


to 
Pe oro bx, . 2px. 2 
,Q,f— BAFf= Ma} Picbaly Se bee ead (30) 


Ou U 


a a 


As this contains no terms in a it follows that the coefficient 
x 
of every I is zero. On the right-hand side the coefficient of the 
Lp 


corresponding term is q;, (remembering the definition of B); 
hence every gq = 0, and in consequence 


(B;, B,)f = 0, 


or the system (24’) is Jacobian. 
A further remark which will shortly be useful is that from 
the vanishing identically of each side of equation (29) and from 


equation (30) it follows that the coefficients of the terms in ie 
also vanish, or from (30), u 


B; Xj ae B; Xai —— 0. . . . . (31) 


11. Integration by means of the associated system. 


Gathering up the foregoing results, we now see that, given a 
system of linear homogeneous partial differential equations of 
the first order, we can find its general integral—if one exists— 
by means of the integration of a complete system of total differ- 
ential equations. 
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We have seen how to transform the given system into a com- 
plete system (if it is not so already, and provided it contains no 
inconsistency). We now note that the Jacobian system (24’) 
which we reached as a result of transforming the generic complete 
system (24) for other purposes, is identical with the system (20), 
which originally arose as the system associated with a generic 
system of total differential equations. The important point here 
is that if with the coefficients X belonging to the system (24’) 
we construct the system of total differential equations (19), this 
system is completely integrable. 

In fact, the condition for this is that 


BAP T aL mone 
a|y 2 ee ey tte cen PB eae ? 
dx; dx; we pale me 
OX 4 eek CD. ES 
ali s MONE vas a|) Xe BECHID 
or Oa; Bi OU, B\j 0x; = * OUg pli? 


and remembering the definition (28) of the operators B, these 
can be written shortly in the form 


B; Xai — B, Xai. 


The equations (31) show that the X’s obtained from the 
system (24) satisfy these conditions. 

Having transformed the given system into the form (24’), 
we need therefore only construct the associated system (19) 
and integrate by the method given in the preceding chapter; 
the most general solution will be obtained in the form 


U, = $,(x | v°) (a2 Deron) 


Solving these m equations with respect to the w%s, we get 
m = N — n principal integrals, and constructing any function 
whatever of these integrals we have the general integral of the 
given system. 

This systematic method of integration is in theory quite 
general and covers all possible cases, but it is somewhat laborious 
to apply. In practice it is often shorter to integrate the equations 
separately, and then to look for the m common integrals which 
certainly exist, when we have ascertained beforehand that we 
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are dealing with a complete system. The following may be given 
as an example. 
Consider the system 


f= ah tushy aol + cl = | 


02 0 
(32) 
Bim — mst + mst ae pet age = - 


We shall first show that it is not only complete, but also 
Jacobian. To show this as shortly as possible, we put 


0 rf) 0 0 
A — — —y B = — = — eos 
‘ spo Cae . re 1g, 
0 0 7) 0 
re aa? A "850, 3 Btn 


so that d = A, +A, B= B,+ B,, and then construct 
the alternate function of the two given operators. We get by 
successive transformations 
(4, B)f = ABf— BAf 
A, Bf + A,B, f + A, Bf + A,B, f 

— B,A,f— B,A,f — B,A,f — B,A,f 
(Ay, By) f+ (Aa, By) f+ (41, Ba) f+ (Ae, B)f. 


Now it can be shown directly that 
(A,, B,)f in 0, (Ay, B,)f ae 0, 


I 


I 


and interchanging 2, 2, and 23, %,, it follows that 


(Ap, B,) f = 0, (Aj, B.)f = 0 


(A, B)f = 


which means that the system is Jacobian. It will therefore have 
4 — 2 = 2 independent integrals, or rather (cf. § 4) an infinite 
number of pairs of such integrals. 

To find one such pair, note that the first equation (which is 
of the type considered in the first example of § 5) has as its general 
integral any homogeneous function of degree zero in the variables 


Hence 
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Ty, Va, Lz, Ly. We need therefore only find two independent 
integrals of the second equation which are homogeneous of 
degree zero. 

Now the system of ordinary differential equations associated 
with the second of the equations (32) is 


_ dh, _ Ui, _ _— bite dy 
De ay Ly v3 


The equation formed of the first two of these terms can be 
integrated immediately, and gives 


i tee tO. el ee ee ee 
similarly the other two terms give 
ioe ge Ra ek eee) 


where a and b denote constants. 

Kquating the first and third terms, after substituting in them 
for x, and x, the expressions given by equations (33a) and (330), 
we get 

dz, ae dx; 
Ve — 22 Je — 252 


and therefore integrating 


where c is a third constant. 
This last integral can be put in the form 


Ly Ly 


pin”? 22d in =i, 2 (aoe 
Ly = Wy" JS a2.+ ae Sod 

We also get from (33a) and (330) 
| es Rat Mees de pe Dd er hs 


a2 + 2,2 b2 


Of the four integrals thus found, the last two, (33c) and 
(33d), are homogeneous of degree zero, and are therefore also 
integrals of the first equation; and it would be easy to verify 
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that they are independent. Hence the general integral of the 
system of equations (32) is 


2 2 
NS aes OTP ee ek peat! +e ) 
i( Ja? + a2 SJ xe + 22 te + 24” 


where f is the symbol of an arbitrary function. 


CHAPTER IV 


ALGEBRAIC FOUNDATIONS OF THE ABSOLUTE 
DIFFERENTIAL CALCULUS 


1. Effect on some analytical entities of a change of variables. 


This chapter is devoted to the study of the effect on some 
analytical entities of a change of variables. In this first section 
we propose to give some examples showing the nature of the 
general considerations which will be subsequently established. 

Consider n independent variables x, 7, . . . X,, which we shall 
as usual denote collectively by x, and suppose a transformation 
applied to them which leads to another set of m independent 
variables #; it is understood that the transformation used is 
reversible, i.e. that the transformation formule 


Opis #, (2) i ede Chea in fen colt hy 


can be solved for the Z’s in the field considered, so that we have 
simultaneously the equivalent equations 


Pre (vel aie Sneak vey el (L’) 


The geometrical name for this operation is of course change 
of co-ordinates; to fix the ideas, we may take n = 3, so that we 
are passing from Cartesian orthogonal co-ordinates «, y, z to 
three generic independent combinations of them (curvilinear co- 
ordinates) 4, Ya, Ys: 

Now suppose that in dealing with a physical, geometrical, 
or other question we find that we have to consider not only the 
variables x, but a certain aggregate of entities connected with 
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them. For instance, in a certain region of physical space referred 
to Cartesian co-ordinates z, y, 2, let the temperature T be defined 
at every point; then it is a determinate function of a, y, z. Or 
we may suppose that a field of force exists in the given region, 
and we shall then have to consider at every point a vector, and 
hence its components, i.e. three functions X, Y, Z of 2, y, z. 
Now change the variables. We have to find some way of expressing 
the same quantity or physical phenomenon (temperature, force, 
&c.); for this purpose we find that we have to introduce certain 
parameters which in the new system of reference will with advan- 
tage take the place of those which were more suitable when we 
were using Cartesian co-ordinates. These new parameters are 
naturally called transforms of the original ones; they are obtained 
from them by a law which cannot be assigned a priori, but depends 
on the nature of the problem, and in part on suitable conventions. 
For instance, in the new system the temperature T will be a 
function of q, Y2, 73, such that the same temperature’ belongs 
to the same point of space, whether the calculations are made 
with the original or with the new variables; hence T as a function 
of the q’s will be obtained by substituting for x, y, zin T(z, y, 2) 
their values in terms of 9, J, Y3- This kind of behaviour, which 
is the simplest we shall have to consider, is called transformation 
by invariance; all functions of position which have a value inde- 
pendent of the system of co-ordinates chosen are transformed in 
this way. 

With the components of a vector, in the other example cited, 
this does not happen. If in fact, as we may suppose, the vector 
has a magnitude and a direction which are independent of the 
system of co-ordinates chosen (we shall think of it as being 
defined physically as a force), its components, on the contrary, 
even when the point considered remains unchanged, change their 
values when the frame of reference is changed. This is obvious 
in the case of a rotation of Cartesian axes. If, however, the trans- 
formation considered is not of this particular kind, we do not 
know a priori what to substitute for the projections X, Y, Z 
of the vector on the axes of the old system in order to specify 
the vector in the new system;! i.e. we have to determine the law 


1 We shall see in various parts of Chapter V how the introduction of new 
variables q1, qa, Js gives rise geometrically to corresponding co-ordinate surfaces 
qi = constant, g = constant, gs = constant, and co-ordinate lines which are their 
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of transformation which will meet the needs of the case in ques- 
tion. The most suitable criterion to take as a guide in making 
our choice is found by introducing, alongside the given vector, a 
scalar quantity with a physical significance which is transformed 
by invariance. In this case we take two infinitely near points 
whose co-ordinates differ by dx, dy, dz; then the work of the 
force whose components are X, Y, Z, in passing from one of 
these points to the other, will be 


dW = Xdx + Ydy + Zdz; Airey 4 


this scalar quantity has a physical significance which is invariant, 
and it can therefore be concretely determined. From the mathe- 
matical point of view it is an important fact that with any system 
of orthogonal axes Oxyz the Cartesian components of the force 
are identical with the coefficients of dx, dy, dz in this expression. 
Changing to the curvilinear co-ordinates q,, q2, q3, we can find 
the resulting values of dx, dy, dz by means of the differentials 
of the new variables, using the formule 
2 OW 


1 = ;—— qq;, &e. 
1 0g; 


The work dW will take the form 


Ox 
0g; 


3 
dw = =, ( ogy ey 22 2) dt 
1 0g; 0g; 


which is analogous to formula (2). 
In fact, putting 


Pade ra, HAD @) 


we get dW = Qdq + Q2dq2 + Ys qs. 


intersections. Bearing this in mind, if we proposed to use geometrical criteria 
taken from our co-ordinate system in order to specify the elements which deter- 
mine a vector, we should find ourselves faced by four possibilities, all equally 
acceptable, and with one or another preferable according to circumstances. At 
every point, in fact, the tangents to the co-ordinate lines and the normals to the 
co-ordinate surfaces form two supplementary trihedra, which are in general 
oblique-angled, and therefore distinct; and a vector may be defined either by 
its orthogonal projections on, or by its components along, either of these two 
trihedra. 
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The quantities Q,, Q:, Qs here hold the same position as did 
X, Y, Z in Cartesian co-ordinates; it therefore seems suitable 
to call them the components of the force in the new system of 
reference, so that we may say that formula (3) represents the 
law of transformation of the components of a vector. This law 
is called covariance. 

We can also reach this law from a different point of view, 
which, however, we shall show in a moment to be reallya particular 
case of the preceding argument. Consider an invariant function 
u(x, y, 2); we shall try to find the most convenient law of trans- 

Ou Ou du 


formation of its three derivatives —, —, —, which are evidently 
Ox OY OZ 
functions of x, y, z. A natural course is to consider the three 


derivatives om Cun as being the expressions which correspond 


Og, 22’ Os 
to them in the new system of reference; these are of course given 
by the ordinary formule 

Ou Oude , du dy , du oz 


(22 eres 
ag, Ba oq, By, oq 62 Say ee 


If instead we were to assume transformation by invariance, 
the three quantities we are considering would represent deri- 
vatives of a function only in the original Cartesian system of 
reference, while in any other they would in general lose this 
special property. 

The formule (4) are evidently a particular case of the formulze 
(3), in which the derivatives of a single function u have been 
substituted for the components of the generic vector. The real 
reason for this is found in the fact that the law of persistence 
of the derivatives can also be included as a special case of the 
invariance of a linear differential form. As a particular case, we 
need merely replace dW (which is not in general an exact differ- 
ential) by the total differential du, which may be expressed in 
either of the two forms 


f) Oy é 
Ou Ou Ou 
d ey, Sei mary; 
= 0” a 0% tat 093 = 
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The foregoing remarks will suggest what it is we propose 
to do, though naturally this will become clearer as we 
proceed. 

Given in a certain system of reference (which may be of any 
kind whatever) a set of quantities having a certain significance, 
physical, geometrical, or other, we assign a law of transforma- 
tion by means of which a set of quantities having the same 
significance is associated with any other system of reference, 
and we are thus led to introduce a set of parameters, collectively 
independent of the system of reference, whether Cartesian or not. 
This is the basis of the conceptual importance and the fertility 
of the considerations which we propose to develop. 


2. m-fold systems. Forms of degree m and m-ply linear 
forms. 


We shall first define a system of order m or m-fold system. 
We apply the term to a system of numbers 


A 


ty tp. 2 .tm 


which are such that a one-to-one correspondence with a specific 
jaw exists between them and the set of m integers 2, %, . - - %m; 
where each of the 7’s can take all mtegral values from 1 to n. 
The number of elements of an m-fold system is thus n”, this 
being the number of permutations (with repetitions) of n numbers 
taken m at a time. It is not necessary that these n” elements 
should be all different. 

A system composed of a single number (which may be repre- 
sented by a letter without a suffix) may be considered as a system 
of order zero. A simple (one-fold) system will be the aggregate 
of n elements which can be represented by the notation 


A; (ie ee a 


u 


e.g. the set of three components of a vector, for which m = 1, 
n= 3d. 
A double (2-fold) system will be of the type 


A G, j= 1,2,..-n), 


ij 
and will consist of n? elements; and so on. 


A system of order greater than 1 is called symmetrical if all 
(D655) 6 
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the elements in it which differ only as to the order of their suffixes 
have the same value; e.g. for the case m = 2, if A,, = Ay. 
A system is called antisymmetrical (skew) if when two suffixes 
are interchanged the element changes its sign but not its value; 


again for the case m = 2, if A; = — A; The m coefficients 
u of a generic linear form! 
n 
p c x; Uj Uy; 
i 


constitute a simple system, which is in fact the most general of 

its kind, since, given n quantities u,, it is evidently always possible 

to consider them as being the coefficients of a linear form ¢. 
Consider next a quadratic form, which we may write as 


n 
o= xy Ay UX; 5 
1 


as the sum includes all permutations of the suffixes two at a time, 
the product of x; and a, will occur twice, once as x;#; and once 
as ;%;, 80 that the coefficient of the product is A, + A; This 
is unchanged if 7 and 9 are interchanged; hence we see that the 
coefficients of a quadratic form constitute a symmetrical double 
system, which is the most general possible. But if we wish to 
determine a generic (non-symmetrical) double system by means 
of the coefficients of a form, a quadric in the independent vari- 
ables x is no longer sufficient. We shall now require two different 
n-fold systems of independent variables, e.g. the co-ordinates 
x and x’ of two points between which no a priori relation exists, 
and we must construct the expression (bilinear form) 


which is linear in both the 2’s and the zs; the coefficients of this 
form are the required arbitrary quantities Aj. 

More generally, it is easy to see that a generic m-fold system 
is determined by a multilinear form of m groups of variables, 
while the coefficients of a form of degree m constitute the most 
general symmetrical m-fold system. 


1 The term form with respect to given arguments (e.g. the independent variables 
yy Xa +». Ly») Means a polynomial homogeneous in those arguments. 
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3. Invariance, covariance, and contravariance of a simple 
system with respect to linear transformations. Dual variables. 


We now proceed to examine the laws of transformation of 
systems. We shall at first limit our investigation to a linear 
change of variables and a simple system w,, Us, . . . Uy. 

We shall suppose that we can pass from the variables 
x to the new variables Z, and vice versa, by means of the 
formule 


nm 


aD; === Ly Cx Ly, (2 = Ie 2, oe am n), . . (5) 
1 

Zz; —= pI Lye (@ == Ike 2, aingis n), . . (5’) 
1 


where the coefficients c are arbitrary constants whose determinant 
is not zero; the second formula follows from the first by applying 
Cramer’s rule, so that c is the reciprocal element of ¢,; (cf. 
Chapter III, § 10). 

The most obvious hypothesis to make is that the w’s are 
functions of position which are transformed by invariance 
(cf. § 1). 

We get a slightly less simple, but remarkable, case if we sup- 
pose that the u’s are transformed by the same law as the co- 
ordinates, in which case the w’s will be called contravariants. In 
particular, the co-ordinates themselves form a contravariant 
simple system. 

Next suppose that the w’s are the coefficients of a linear 
form 


and that ¢ is transformed by invariance, i.e. by substituting for 
the «’s the expressions (5), so that ¢ is also a linear form of the 
new variables . We shall take the coefficients of this new form 
as the transforms % of the w’s; we shall then say that the w’s 
form a covariant system. 

Writing out the expressions in full, we have 


n n n n n 


d = 2, Uj Ly Cy % = Vy, Cy Uj; T, = Diy, Ty, Dy Ciy Ue 
1 1 1 1 1 
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The new coefficients are therefore 


n 
Un = x; Cig Uj. 
at 


Interchanging 7 and k, so as to get the formule in the same 
shape as (5’), we get 


Gh, = Ly Cy, Uy Cie 1s Oye. hes 
1 


which gives the law of covariance. 

Here, too, we naturally add the equivalent formule, which 
are obtained by solving for the original elements uw, and are given 
by the usual formula (Cramer’s rule). Writing them first, so 
that we get them in the order corresponding to that of (5) and 
(5’), we have finally the law of covariance expressed by the two 
groups of equivalent formule 


ie a, (6) 
1 

Ui, = Dy Ces Up @ = 1, 2,...mexe- ©) 
1 


We shall frequently consider, together with the variables x 
(which are also called point variables), a system of covariant 
variables u (called dual variables); the behaviour of both sets 
of variables when a linear change of variables is made is shown 
by formule (5) and (6). 

To find a geometrical interpretation of dual variables, we may 
fix our attention on the case n = 4, in which a, 2, X3, 4 can 
be considered as homogeneous Cartesian co-ordinates of the 
points of space. A plane has an equation of the type 


Uy Ly Ug My + Ue Xe + Hy dt, = 0, . :. - (7) 


where with the usual terminology, the coefficients v4, U2, U3, Wy 
are Plucker’s co-ordinates of the plane. Now, given the geometrical 
significance of equation (7), its left-hand side must be invariant 
(except for a non-essential factor, the co-ordinates being homo- 
geneous), and hence the Plucker’s co-ordinates w must be trans- 
formable by covariance. From the well-known law of duality of 
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projective geometry the w’s have been given the name of dual 
variables. Analogous results hold for any value of n. 


4. Invariance, covariance, and contravariance of an m-fold 
system with respect to linear transformations. Mixed systems or 
tensors. Vanishing of a tensor an invariant property. 


We shall now extend the discussion of the preceding section 
to systems of any order, but still limiting it to the case of linear 
transformations of the type (5), (5’). We thus define mixed 
systems, of which covariant and contravariant systems are 
particular cases. 

Consider m sets of n point variables (i.e. m points). Denoting 
by an upper index the ordinal number of each point, we get the 
set of arguments 


1 : 

Xi, D2, Tn 
2 ° 

7; 2, Ln 
m m m 
Ly ? Ly ? Ly 


Consider also a certain number p of sets of m dual variables 


1 1 iby 
Uy, Ug, «+ - Uns 


2 2 2. ‘ 
Uy, Ug; ee 6 Uns 


pee a 
Pe ak tbh 


Construct a multilinear form F in all these variables, each 
term of F containing as factor an element taken from every set 
of the m z’s and thew w’s. The coefficients of these terms, which 
are a priori completely arbitrary, will constitute a generic system 
of order m+ py. Writing the indices corresponding to the a’s 
below and those corresponding to the w’s above, we shall have 


n . * 
fie beg ; 
F=¥y%, A a Cr te Wh (8) 


i tyes s Opie Iu penis im Uy 2 im d Ju 


Now transforming the «’s by the law of contravariance and 
the w’s by the law of covariance, and substituting the expressions 
so obtained in (8) (i.e. transforming F' by invariance), we shall 
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get a multilinear form of the new variables Z, u; we shall take 
the coefficients A of this new form as being the transforms of 
the coefficients A. We shall then say that the A’s constitute 
a tensor or mixed system, covariant with respect to the lower 
indices, contravariant with respect to the upper. In particular, 
m or p may be zero, leading to the absence from F of the point 
or dual variables respectively; then the system of coefficients is 
purely contravariant if the variables in F are all covariant, and 
vice versa. 

The case of the simple system comes at once under this 
definition. In fact, F in this case becomes the ¢ of the preceding 
section; if we consider it as linear in the w’s, we find that the 
coefficients uw, according to the definition just given, must be 
called covariants; while if it is considered as linear in the w’s, 
we conclude that the x’s form a contravariant system, which 
agrees with the definitions already assigned. 

A covariant, contravariant, or mixed tensor, having m + p 
indices in all, is said to be of rank m+ wu; a simple system, either 
covariant or contravariant (i.e. a tensor of rank 1) is also called 
a vector, and its elements are called respectively covariant or 
contravariant components of the vector. 

Following a similar method to that used in the preceding 
section to find the formule (6) and (6’), we could find the general 
transformation formule for mixed systems, and hence, in parti- 
cular, the formule for contravariant and covariant systems. 
We shall not need these formule, as in what follows we shall 
always go back directly to the definition just given. As an 
example, however, we propose to find them and give them in 
full for the simplest case of the mixed system, i.e. the system 
with a single mdex each of covariance and of contravariance. 

Consider therefore the bilinear form 

nr 
F = 3, A) a, u; 
1 


Cet 


and transform it by invariance. Using formule (5) and (6), we 
get n n n n 
is j ; ie io hE GE 
F= eo Cig Cp 2, C7" Uy, = Dine At Cy CP” Ey Un 
1 1 1 


n n 

& 5 i ia vepe 

= Ly, ©, Uy diy A Cy, C™. 
1 1 
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The coefficients of this new form are 


ms n 


At =— xy Ai Cit ol, . . . . (9) 
At 


which gives the law of transformation for mixed systems with 
two indices. We should get similarly, for the most general 
mixed system, 


ee > Tae @ G4 0%... tu, (10) 
%...tm Rey ee Kh yey. ly Fat * °° “kemtim ace ‘ 

As a memoria technica, we may add that the transformation 
formule for the x’s and the w’s give an easy way of remembering ~ 
those for a tensor of any kind. The latter are always linear, and 
the coefficients are composed of the c’s in a similar way to those 
of (5) and (6): to each index of covariance corresponds a ¢ with 
the indices below, to each index of contravariance a c with the 
indices above. The opposite holds in the inverse formule. 

We may sum up the discussion so far in the following defini- 
tions. 

An ™-FOLD COVARIANT is an m1-fold system which is transformed 
‘in the same way as the coefficients of a multilinear form in point 
variables; an W-FOLD CONTRAVARIANT is one which is transformed 
in the same way as the coefficients of a multilinear form in dual 
variables; more generally, a MIXED SYSTEM or TENSOR ts one which — 
is transformed in the same way as the coefficients of a multilinear 
form in both point and dual variables (including also as particular 
cases both purely covariant and purely contravariant systems). 

The indices of contravariance are generally written above, 
those of covariance below; an exception is however made for 
the variables x, which are as usual denoted by 2, , ... X,, 
with the indices below, even if, as in the present case, we are 
dealing with a contravariant system and linear transformations. 

We shall close this section with a remark which is as obvious 
as it is fundamental whenever the notion of a tensor occurs. 
This is the fact that if all the elements of a tensor, with reference 
to a certain system of variables, vanish, this necessarily also 
happens for the transformed elements which correspond to any 
linear change of variables whatever. This is an immediate con- 
sequence of the fact that the hypothesis makes the invariant 
form F vanish identically. 
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5. Symmetrical double systems. 


Since we shall have occasion later on to deal with a remarkable 
symmetrical covariant double system, we propose to give here 
some properties of systems of this kind. Let the elements of such 
a system be dpicel ee 2 Uo amelie 
their covariance will be expressed by the fact that the bilinear 


form ‘ 
FG) Oy eee ee 
1 ‘ 


is Invariant in any linear transformation which changes the z’s 
and the x’’s into other sets of variables z, z’. 

We shall first show that such a change of variables leaves 
the symmetry of the system unchanged; 1e. that 


Qin, = Dy . . * ° ° ° (13) 


In fact, if, we interchange the variables x, x’ in the bilinear 
form (12), we get a 
(x | x) = Ly, ay, @ @; 
at 


and since the right-hand side of this equation differs from that of 
equation (12) only by the non-essential Grae of the letters 
2 and k, it follows that 


(at a0) see ICO oc Gees. retail 
Vice versa, if this relation holds, we conclude, by reversing 
the steps of the argument, that (11) is also true. 
Hence the condition of symmetry (11) is completely equivalent 


to the condition (11’). From this standpoint it is easily seen to 
be invariant. In fact, changing the variables, and denoting for 


shortness s Rone 
by F(é| @’), 
equation (11’) changes to the equality 
F(#' |@) = F(@| @) 


which, as we have just seen, is equivalent to (13). 
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We could show in the same way that if a contravariant double 
system is symmetrical with respect to one system of co-ordinates, 
it is still symmetrical after any linear change of variables; a 
mixed system a}, however, has not this property. For an anti- 
symmetrical double system, either covariant or contravariant, 
we could also show similarly that antisymmetry is an invariant 
property. 

We can now use the property just illustrated to establish 
the covariance of the coefficients of an invariant quadratic form. 
Let the quadratic form be 


(AT gee ae Sg Rn eS) 


Changing the variables, ¢(x) evidently becomes a quadratic 
form in the z’s, which we shall write 


n 


B(@) = Din dig be = west Le es) 


We shall show that the coefficients @,, are the transforms by 
covariance of the coefficients a;,, or in other words are the same 
as would be obtained by changing the variables in F(x | 2’). 
In fact, we get d(x) from F(x| 2’) by first putting x’ equal to 2, 
or 


$(z) = F(x| 2), 


and from this, with the usual change of variables, we then get 
$(2), which is thus derived from F (z| x’) by applying successively 
the two operations 

pee eh eee EC'S h(a) 


Ape! 7 tm ee ea 


But the same result will obviously be obtained if these two 
operations are applied in inverse order, i.e. if we pass first from 
F(x | a’) to F(z | &’) (the coefficients of which are by definition 
the transforms by covariance of the coefficients aj), and then, 
by the operation (a), which implies @ = @ and on account of 
symmetry does not change the coefficients, to ¢(#); the co- 
efficients of this last expression are therefore the transforms by 
covariance of the coefficients @;.. 
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6. Sets of » covariant and contravariant simple systems. 
Theorem on reciprocal sets. © 


We now propose to prove a lemma in which we shall have to 
consider, not a single simple system, but a set of n covariant 
simple systems. We must therefore distinguish the elements in 
question by two indices, one showing the ordinal number of the 
system from which an element is taken, the other (which will 
be an index of covariance or of contravariance) showing the 
ordinal number of the element in that system. Consider, there- 
fore, the set -of m covariant simple systems 


d (aig s a ee) 


alt 


where a represents the ordinal number of the system and is 
therefore not an index of either covariance or contravariance; 
and suppose further that the determinant of the A’s does not 
vanish, or in other words that the n systems are independent. 
With this hypothesis, to every element A,,; will correspond a 
reciprocal element (its algebraic complement or minor divided 
by the value of the determinant), which we shall denote by 


Dior pends ok ae 


In a linear change of variables the terms X,); will be transformed 
by the law of covariance, and the transforms will be denoted by 
rats we shall take the reciprocal elements 2‘. of the terms reli 
as representing the transforms of the reciprocal elements A‘. 

We shall now show that this law is identical with contra- 
variance, i.e. that giving a the values 1, 2,..., the terms d% 
constitute n contravariant simple systems; or shortly, that the 
reciprocal set of n covariant systems is a set of n contravariant 
systems. This is the reason for placing the index 7 above. 

The hypothesis of covariance of the set of m systems (15) 
means that the n linear forms 


n 
Vi = Di; Agi Bi (oo Lies ee 8) 
a 


are invariant. What we have to prove is that the n linear forms 
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are also invariant, i.e. that 


b,—$,=2,%4,—D,Nu,=0 (a=—1,2,...n), (16) 
1 1 


whatever the w’s may be. Now these last expressions are linear 
in the w’s (since the @’s are merely linear combinations of the 
w’s), so that each of them is of the type 


n . 
Dy et; 
1 


To show that this vanishes identically (i.e. that all the é’s are 
zero) we need only show that it vanishes when we give the w’s 
n distinct sets of numerical values, as we shall then have n homo- 
geneous linear equations in the é’s, whose determinant does not 
vanish (this condition bemg implied by the use just now of the 
adjective distinct). We shall give the w’s the values 


An (82 = 1,2. 270), 


and hence, from the covariance of these quantities, we shall have 
to give the ws the values A,);, Using a property of determinants 
(given as formula (6) in the footnote to § 10 of the preceding 


chapter), and substituting in equation (16), we get 
tay leew? — 8 = 0: (a, B =e, 25... 2.0), 


which proves the result required. 


7. Addition of tensors. 


Take two tensors (in general mixed) of the same kind, Le. 
having the same number of indices of covariance and the same 
number of indices of contravariance (in particular, two covariant, 
or two contravariant, systems of the same order): 

Air Su Borda 
i... tm? th... bn’ 

Summing corresponding elements (those with the same indices) 

“we get a new system whose general term is 
foots Ip sees 
A i a B 1. 


5 ee 
te3 tm oe ton 


depending on the same number of indices. We shall show that 
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this new system is also a tensor, covariant and contravariant 
respectively with respect to the indices of covariance and contra- 
variance of the given systems, so that with the notation previously 
adopted the general term can be written 
ee) 
Ot 

To simplify the formule we shall prove the result fom the 
case of a single index each of covariance and of contravariance; 
the reasoning is identical in the general case. Our hypothesis 
then is that the forms 


F= E A! &,. Uy, 
Oo = *y Bi x, W;, 


are invariants. The sum 


i ee 
will therefore also be an invariant, which is as much as to say 
that the system 
Ci = Ai-+ B) ‘ 


is covariant with respect to the lower index, and contravariant 
with respect to the upper. 
The tensor C is called the swm of the two tensors A and B. 


8. Multiplication of tensors. 


We shall now define the product of two tensors. These may be 
of any kind, in general mixed; we shall suppose that one has m 
indices of covariance and yw of contravariance, and the other m’ 
and p’ respectively, so that Nes are represented by 
woe Big 
Olas BS ty... tm 
Construct the system whose general term is the product of 
any element A by any element B; the element so formed will 
contain m-+ w+ m'-+ p’ indices, so that the rank of the 
product system will be the sum of the ranks of the given systems. 
We shall show that it is a ¢ensor which has the m + m’ indices of 
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covariance of the given system as indices of covariance, and the 
ft + pw’ indices of contravariance as indices of contravariance. 
To simplify the formule we shall as before consider the case of 
only two indices. 

Let the two forms which by hypothesis are invariant be 


n 
Ls h 
F = 2, 4; ou, 
1 
ue , / 
aE k 
O = Xy Bj x; uy. 
1 


Their product will also be an invariant, and is 
n 
<? h k te , 
FO = ing A; B; Li; Lj Up Uns 
or, putting 
h Dk __ (hk 
ae hie / " , 
FO = Linge Cy x; a; Up, Uj» 
1 


The invariance of this form means that the indices 7 and 9 
attached to the letter C are indices of covariance, and fh and k 
are indices of contravariance, which proves the statement just 
made. The argument is the same in the general case. 


9. Contraction of tensors. 


We shall now define the operation of contraction, by which 
we pass from any mixed system to another system having one 
index of covariance and one of contravariance less than the 
first. 

For convenience of printing, we shall give explicitly only 
one of the indices of covariance and one of contravariance, 
replacing the others by points, so that we shall put 


7-8 
Ay 
to represent the general term. 


Now construct the system 


B= 3,40") 


which will contain all the indices, except the two shown on the 


478 INTRODUCTORY THEORIES 


right; we say then that the tensor has been contracted with 
respect to these two indices. We shall show that the system 
so obtained is also a tensor, having the same indices of covariance 
and of contravariance—except of course the pair used in con- 
tracting—as the given tensor. To simplify the formule, we shall 
as usual consider a particular case, but one not differing essentially 
from the general case. Suppose, therefore, that the form 


n 

ne hs y , 

F = Zins Aj Uj Ly, Up, Us 
1 


is invariant whatever may be the variables z, a’, u, u’, the only 
restriction being that x, x are point variables and u, wu’ dual 
variables. Their values being arbitrary, we may replace the 
variables u, by n distinct systems of covariant quantities, which 
we shall denote by A,,,, using the notation (15) of § 6; we can 
then replace the variables ~ by the quantities \”, which are 
the reciprocal elements of the former group, and therefore con- 
travariant (§ 6). We shall thus have the 1 linear forms 


n 
h 
F, aed Dee Be I; Up, Ny Aas (a ai Us 2, re n) 
1 


all invariant. Their sum G@ will therefore also be invariant. 
Writing out this sum, and making some slight transformations, 
we get (remembering the fundamental property of reciprocal 
elements) 


n n i n n 

sens ee hs a pe hs 8 

G = 2, Fy = Lins Ay Bj Up, DM ie = Lins Aix U; Uy, 5. 
1 1 1 1 


Now we know that 6; = 0 if r+ sand = 1 if r = s; hence 
all the terms in the sum for which 7 = s will disappear, and there 
remains 


n n nr n 
ay hr Pk hiphs 2S. hi 
Gi Sine Aj GU, = Dy @; hy, Ay = Xi, 2%; Uy, By. 
if 1 1 


The invariance of this form shows, as was required, that the 
system 


n 
| Rees. hr 
Be Ae 
1 


is a tensor covariant with respect to the 2’s and contravariant 
with respect to the h’s. 
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The operation of contraction can evidently be repeated several 
times, contracting successively with respect to various pairs of 
indices, so that, for example, from the system 


Albis 


ijr 


we can pass, by using two pairs of indices, to the tensor 


If the process is applied to the only pair of indices of a mixed 
double system, the result is an invariant: 


1 


10. Composition of tensors. 


If we combine the operation of multiplication of two tensors 
with that of contraction, we get the operation called composition 
(or inner multiplication) of two tensors. We shall write the two 
tensors in the abridged form 

pect Bay: 
where we show only a single index of covariance for one and of 
contravariance for the other. 

The tensor 

7 
Rae se Tile 
1 
is said to be compounded of the first two or is called their enner 
product; its indices of covariance are those of A, except 7, and 
all those of B, and its indices of contravariance are all those of 
A, and those of B, except s. 

It can at once be seen that the system C is a tensor, observing 
that it is obtained by contraction with respect to the indices 
y and s from the system 


Dee AB 
which is itself obtained by taking the product of the given 
systems. Thus, for instance, compounding the systems 

Ab, BE, 


uw? 
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with respect to the indices r and s, we get 


n 
a h her 
Cy = Dap, Ae B; . 
1 


11. Change of variables in general. m-fold systems whose 
elements are functions of position. First general definition of a 
tensor. Typical tensors of rank 1. 


Up to this point we have considered only linear changes of 
variables, and we have defined, with reference to them, covari- 
ance, contravariance, and the fundamental operations on systems. 
We shall now extend these definitions to any change whatever 
of the variables. 

Suppose, therefore, that the formule of transformation, instead 
of equations (5), are 


Ce AD ok eee) Cal ea) 


where the f,;’s denote arbitrary functions, except for the quali- 
tative restrictions as to differentiability, &c., which will be 
tacitly imposed whenever necessary, and the condition that the 
transformation is reversible, i.e. that the equations (17) are 
soluble for the £’s and can therefore also be given in the equivalent 
form 

Be (aCe ee ae Jee 


The general transformation (17) involves a linear transfor- 
mation of the differentials. In fact, putting 
Ou; 


= City a —— es . 5 5 (18) 
Te 


we get, differentiating (17) and (17’), 
da, = Best day = Bogda: d34 as a9} 
1 


at Xp 


dt; = ya Ca = Bre de, ae ea eee) eae) 
il 1 


Xe 


The second of these groups of formulze must be identical with 
the group which would result from solving the first; the quantities 


Ket 


ce must therefore be the reciprocal elements of the quantities 
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Ci, Which justifies the choice of these symbols to represent the 
derivatives. 

From the analogy of formule (19), (19’) to (5), (5’), we can 
at once extend the earlier arguments to m-fold systems whose 
elements are any functions of position (i.e. of the independent 
variables x,, %, ... x,). We shall say that an m-fold system 
whose elements are functions of position constitutes a tensor, 
covariant, contravariant, or mixed, with respect to a generic 
transformation (17), when it is a tensor of the specified kind 
(at every point of the field considered) with respect to the linear 
transformation (19), (19’) between the differentials of the old and 
the new variables. 

In consequence the differentials of the independent variables 
provide us with the typical contravariant simple system. We 
shall next consider what is the typical covariant simple 
system. 

In § 3 we introduced the dual variables w,;, which were formally 
defined as the coefficients of a linear form in the variables z. 
These latter are now to be replaced by their differentials dz, so 
that we start from a generic Pfaffian 


nr 
fy = 2; u;dz,, 
1 


and consider it as invariant for any change whatever of the vari- 
ables x. The coefficients wu are considered as functions of position, 
and hence initially of the zs. When the transformation (17) 
is made, the dependence on the point co-ordinates is expressed 
instead in terms of the new variables ¢. Substituting in ¢ for 
dz, from (19), we see in the first place that we still have a Pfaffian 


1This can also be shown directly, by proving that the terms c% and cz; have 
the fundamental property of reciprocal elements. In fact, if in equations (17) 


we replace the x’s by the expressions given by equations (17’), they reduce to 
identities. Differentiate one of these with respect to a, using the rule for a 
compound function. We shall have 

Qi _ Sr dai an 

Ox, 1 dx, Oop 
Now the left-hand side is 0 or 1 according as t=: k or 2 = k; on the right-hand 
side we can introduce the notation (18), so getting 


i n 
5. = pas Cih ckh, 
1 


which proves the required result. 
(0 655) 7 
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in the new variables Z; this is obvious, since the original expression 
is linear in dx. Writing out the result, we get _ 


Ox. Ox ae On, 
yi 3, U; ee dt, = Ein 5g, fe = = diy Bit ag, 
The coefficients of the new differentials dz,, i.e. the elements 

%, of the system which is the transform of the coefficients ~,, 
are therefore 
On; 


v = 
Ok, 


ag Ted Oe eer, 


Interchanging 7 and & and adopting the notation (18), we get 
the law of transformation for the coefficients of a Pfaffian expressed 
by the formule S 

Ui, = Ly Cy; Uns 
1 


which are identical with the formule (6’). Adding the inverse 
formule and replacing the coefficients ¢,;, c” by their values as 
given by (18), we get the transformation formule for the coefficients 
of a Pfaffian (an invariant) which constitute the typical simple 


covariant system, in the explicit form 


n On 
== 20 
U; 1 ke Un, Ou; ( ) 
3 AG a : 
U; — xy Up, on (2 — il 2, an halite n). . (20’) 
1 2 


Suppose in particular that the (invariant) Pfaffian is the exact 
differential of a function w of position; being invariant, u is such 
that its expression in terms of the <’s is obtamed from its expres- 
sion in terms of the «’s by substituting f; () for x;, and vice 
versa, so that the formula 


U(%) — A(B) 


is an eae when we substitute in it the expressions given by 
(17) (or (17’) ) fot the w’s (or the @’s). 


The coefficients u,,%; of the Pfaffian are respectively = or 
F) a 
a5 according as du is considered as expressed in terms of the 2’s 
x; 
or of the 2’s. 
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Tt follows that the derivatives of an invariant are transformed 
by covariance, the law being given by formule (20), (20’). 

Vice versa, to obtain the formule of covariance (20) or (20’) 
relative to a simple system, without having to go through all 
the steps from the beginning or to remember them by heart, 
the easiest memoria technica is to consider the elements of the 
generic system in question as being for the moment the deri- 
vatives of a single function, and to apply the rule for differentiating 
a function of one or more functions. We then automatically get 
formule (20) or (20’) according as we start from an original or 
a transformed element. 

The direct transformation of the differentials further, as we 
have seen, gives formule (19) and (19’), which we can use as 
the transformation formule for a generic contravariant simple 
system, by substituting the original elements €' for the differentials 
dz, and the transformed elements €" for the differentials dZ,. 

To sum up, the differentials of the independent variables and 
the derivatives of a single function give what we may call the 
pattern of the transformation formule for simple contravariant 
and covariant systems respectively. 


12. Second general definition of tensors whose elements are 
functions of position. Examples. 


Take a multilinear form in any number of sets of contravari- 
ant variables (i.e. having the same law of transformation as the 
dz;) and in any number of sets of covariant variables (i.e. having 


the same law of transformation as the u; = =) Let the co- 


efficients be considered as functions of position, and the given 
form as invariant at each separate point. From the definition 
given in the preceding section it is clear that the coefficients 
form a mized tensor, whose indices of covariance are those relative 
to the contravariant variables, and vice versa. Reciprocally, 
every tensor, in the sense of the first definition, can be identified 
with the coefficients of a multilinear form of the kind just 
described. The two definitions are therefore completely equi- 
valent. 

From this point everything is analogous to what was said in 
§ 4, and we may therefore dispense with further details, except 
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to repeat once more explicitly the remark made at the end of 
§ 4 as to the vanishing of a tensor (i.e. of all its elements) being 
an invariant property. The property holds in general for any 
change of variables of any kind. In other words, if all the elements 
of a generic tensor 


Iho. Tey 


HR a oe 


referred to a particular system of variables, are zero, we may 
be sure that the equations 
hyh ae : 

ae oe 0 Gute. sta Ryle sale Team 
continue to hold however the variables may be changed. 

We shall close this section with two examples of tensors 
which occur fairly often. 

Consider first a linear operator A, where 


Af S, oe 
1 On; 


whose coefficients A’ are specified functions of position. Let us 


treat the operator as an inwariant. Then since the terms Ap 

vj 
are covariant, it follows that the A‘’s are by definition contra- 
variant, and must therefore have their law of transformation 
given by the equations (19’), so that we get for the transformed 
coefficients the expressions 


Vine ae 


> 
1 0 Xp 


as could easily be verified directly. 
Consider next a differential quadratic form 


n 
p = Dix Cit dx; AX, 
1 


which is to be invariant; the coefficients a,, (in general to be con- 
sidered as functions of position) will then be covariant, and hence 
their transformation formule will be 

OD, OF 


n 
Hin — a ys ae =—) . . . . (21) 
aI 0 Xv; 4) Ly, 
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or (solving for the transformed elements) 


Qi. = De @ se eee (21’) 
1 


13. More complex laws of transformation. Scope of the 
Absolute Differential Calculus. 


In a generic change of variables a system, as we have said, 
is transformed in a way which depends on its definition. The 
cases so far examined have been the simplest, but others of 
considerably greater complexity may also occur; we shall now 
give an example of these. 

We have seen that the simple system composed of the first 
derivatives of an invariant function uw is covariant; we now 
proceed to examine the double system of the first derivatives 


OU; : : : ; 
* of a covariant simple system w;. As a particular case, if the 


Ou 


u;s are the derivatives of a single function u, we cover the 


case of the transformation of the second derivatives of an in- 
variant function. 
To find the transformation formule for this system, i.e. the 


relation between the terms oi, and the terms — we start from 
: a; 
the transformation formula for the w,’s: 


Differentiating it with respect to %;, and considering the u,’s 
on the right as functions of the a’s and therefore of the Z’s, we 
get 


0%; Om, (Ot, OU a ee 
eM cad al ae bial aay 29 
0g; i 08; Oz; OX, 1 08,04, he ( ) 


If the last sum were absent, the law of transformation would 
be that of covariance. But in fact the presence of the second 
derivatives of the z’s with respect to the z’s shows that the 
system we are examining is neither invariant, nor covariant, nor 
contravariant, nor mixed, and therefore is not a tensor; its law 
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of transformation is more complicated than any we have yet 
examined. A similar result is true more generally for the system 
composed of the derivatives of any tensor. 

It is often necessary to consider the derivatives with respect 
to the independent variables of the elements of a tensor, covariant, 
contravariant, or mixed. In order to avoid the complication 
just observed, it is therefore convenient to replace these deriva- 
tives by linear combinations of them with the elements of the 
tensor, so chosen that those terms which lead to the aforesaid 
complication disappear in the transformation formule. This is 
the problem which the Absolute Differential Calculus proposes 
to solve; it does so, as we shall see farther on, by introducing — 
an auxiliary element, namely, an invariant differential quadratic 
form. We shall therefore devote the next chapter to the study 
of this important element. 


CHAPTER V 


GEOMETRICAL INTRODUCTION TO THE THEORY OF 
DIFFERENTIAL QUADRATIC Forms 


(a) The Line Element on a Surface 


1. Parametric equations of a surface. 


The meaning of the term ‘“ parametric equations of a sur- 
face” is known from analytical geometry. We propose, however, 
here to examine the idea from the beginning, in order to find the 
formule in the shape which is best suited to our purpose. 

We shall use the letters y, y2, y3 throughout this chapter 
to represent the Cartesian co-ordinates of the points of space 
referred to three orthogonal axes. Now consider a surface, or 
more generally a piece of a surface o, to which alone the following 
remarks are understood to apply, and suppose that there has 
been established, in any way whatever, a one-to-one correspon- 
dence between the points of o and the pairs of values which can 
be assigned to two parameters 2,, 2 within a certain field C 
of a plane representative of the arguments 2z,, 2, (cf. the general 
remarks in Chapter I, § 1). 
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This implies that the points of o and with them their Cartesian 
co-ordinates y, are definite (and finite) functions of z,, av in the 
field C. We shall accordingly write 


Y 7 he (21, ey) (v 7 L 2, 3), © c 2 (1) 


where for subsequent purposes the three functions y, must have 
derivatives, to any order which we may have occasion to consider, 
which are continuous in the field C. 

But this behaviour of the functions is not in itself sufficient 
to ensure that the equations (1) do effectively define a surface, 
ie. that the supposed one-to-one correspondence does in fact 
exist between C and the points of a portion of a two-dimensional 
manifold. 

It might for instance happen that only the sum 2, + a, 
appeared in the equations (1), in which case the dependence on 
two parameters would be only apparent, only one of them being 
essential. In this case the equations (1) would define a piece 
of a curve. To exclude the possibility of anything: of this kind 
we shall suppose that two of the equations (1) are soluble (within 
C) for x,, Z%, so that by solving them, and substituting the 
values so found in the remaining equation, we can get one (and 
only one) relation between y,, Yas Ys» i.e. the equation of a surface. 

This is equivalent to imposing the condition that the char- 
acteristic of the functional matrix! of the equations (1) is 2. 
Then the equations (1) will actually represent the parametric 
equations of a piece of a surface o; and it could be shown that 
—with the restriction, if necessary, of the field C to a convenient 
portion [' of itself (around an arbitrarily chosen point)—the 
portion of surface so defined is such that to any point on it there 
corresponds one and only one set of values of the parameters 
in the field [. Accordingly, with this qualitative restriction as 
to the field—which we shall always consider as being of the 
type [—in which the parameters 2,, 7, are made to vary, we 
are quite justified in calling #,, x, curvilinear co-ordinates on 
the surface o defined by equations (1). 

Giving «, a constant value, and making x, vary, we get all 
the points of a line, which we shall call the line x, = constant, 
or the line 2, or more shortly, the line 2 (since only «, varies along 


1See Chapter I, §§ 6, 7. 


88 INTRODUCTORY THEORIES 


it); in the same way we can define the lines x, = constant, or 
the lines x,, or merely the lines 1, as those along which only a, 
varies. We'can thus think of our surface (or portion of surface) 
o as covered by a double network of lines (co-ordinate lines) 
such that two and only two—one line a, and one line x,—pass 
through every point of it. 


2. Expression for ds”. — 


We shall now fix two infinitely near points, P, P’, on o; 
let their curvilinear co-ordinates be 


Lj, Vj + dx; (a = L 2), 
and, subject to the equations (1), let 
Y» Y, oe dy, (v = i 2, 3) 


be their Cartesian co-ordinates. 

Note that in order to specify a pot P on o, we may take 
arbitrarily (within I’) the two co-ordinates z,, 2; and so also, 
in order to reach P’, the two increments d2,, dip. 

The y’s are defined by the equations (1), so that their differ- 
entials are connected with the dz’s by the equations 


= OY 
Oe — dia. ee ey fee ays mel Os 
Y, 1 Oa; X; (v ? > ), ( ) 


which are obtained by differentiating the equations (1). 
We shall calculate the distance PP’ = ds, or rather, as 
being more direct, its square 


3 
ds* == 2 dy? 
a 


Substituting the expressions (2) for the dy’s, we shall have 


3 2 
A Soe, te ig Zu an ,d2, , CY, OY 
1 1 "Oa, 0 2, Xp an Le 
from which, putting 
3 
ag = DO ee ee ee, 


1 On; OM, 
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(by which we define a very important symmetrical double system 
of regular functions of the 2’s), we get 


2 
ds? => Dee Qin dz; dx;,. . . . . (4) 
1 


This quadratic form, which, as we shall see, is fundamental 
for the study of the metrical properties of our surface, is an 
obvious generalization of the expression 


: ds? = dz* + dy? 


which in Cartesian co-ordinates gives the distance between two 
infinitely near points of a plane. 

We shall now show that the form (4) is definite and positive 
ie. that it never becomes either zero or negative, whatever 
values (real and not zero) are assigned to the dz’s. That it 
cannot be negative is at once seen from the fact that it is 
the sum of the squares of the dy’s, which are always real if 
the dz’s are real. It could therefore vanish only if all the dy’s 
vanished, and we shall show that this 1s impossible for any 
actual displacement (one in which dz, and dz, are not both 
zero). 

In fact, let us try to suppose that we can have 


dy, = dy, = dy, = 0. 


Using equations (2), these become three linear homogeneous 
equations in dz,, dz. In order that any two of these may be 
satisfied by non-zero values of these variables, the corresponding 
determinant must vanish; since we may choose arbitrarily the 
pair of equations to be satisfied, we conclude that all three 
of the functional determinants (of the second order) of the 
ys with respect to the 2s must vanish, which contradicts 
the hypothesis that the characteristic of the functional matrix 
is 2. 

The general theorem relating to simultaneous linear homo- 
geneous equations could also be applied directly; namely, that 
the number of independent solutions is the difference between 
the number of the unknowns and the characteristic of the matrix 
of the coefficients—in our case 2 — 2, or 0. 

From the- proof that the quadratic form under discussion is 


90 INTRODUCTORY THEORIES 


definite, it follows, by a known theorem! on quadratic forms, 
that the determinant 


a= | ay 


composed of the coefficients of ds? (called the discriminant of 
the form) is not zero; in particular, when, as in the present case, 
the form is positive as well as definite, we have specifically a > 0. 

The fundamental form (4) calls for one last remark, almost 
obvious but important. This is that the system of the coefficients 
Qin 18 covariant with respect to any transformations whatever of the 
variables x1, %_ (which justifies our having placed the imdices 
i, k below). This covariance follows directly (applying a remark 
made in § 12 of the preceding chapter) from the invariance of the 
quadratic form ds?. 


3. Determination of the directions drawn from a generic 
point. 


In the space y,, Ya, Y3, a direction drawn from a generic point 
P may be considered.as determined by an infinitesimal segment 


1 The theorem referred to is as follows. Let 


n 
b = Dix dix 0; LE 
1 


be a definite quadratic form in n variables; we shall show that its discriminant @ 
cannot be zero. 
In fact, putting 


A . 
Yi = 2h Wi (¢ = 1, 2,... 7), 
n 
we get CY) POI, 
1 
Now if @ = 0, we could make ¢ = 0 without all the ’s being zero (contrary 


to the hypothesis that the form is definite); we should only have to make all the 
y’s zero, by solving the 7 linear homogeneous equations 


n 
apa tiha—s D) (Ce Gs 5 a0); 
it 


which would be soluble, giving values for the #’s which are not all zero, provided 
ua). 

For definite positive forms a is therefore also necessarily positive. One way of 
seeing this is to apply one of the infinite number of (real) linear substitutions 
which reduce ¢ to the canonical form (see e.g. Brancut: Leziont di geometria 
analitica, Appendix, pp. 571-592; Pisa, Spoerri, 1920). It is obvious that a 
positive form which contains only squares of the variables has its discriminant 
a> 0. But the original a and a are connected by the relation @ = aA2, where 
A denotes the determinant of the linear substitution. (See Chap. VI, § 8.) We 
therefore necessarily also have a> 0. Q.E.D. 
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having one end at P, or if preferred by another point P’ infinitely 
near P, or, which comes to the same thing, by an infinitesimal 
- displacement of P. 

Now suppose that P belongs to o, and consider the directions 
drawn from P which are tangent to the surface. To determine 
them we have to take points P’, infinitely near P and belonging 
to o. If therefore we call the surface co-ordinates of P x, and 
Z, we can determine P’ by the surface co-ordinates x, + dz, 
Ly + dip. . 

Thus to each pair of infinitesimals dx,, Ax,, there corresponds 
one and only one tangential direction drawn from P. To one direc- 
tion, on the other hand, there correspond an infinite number 
of pairs of differentials which differ from each other by a (positive) 
factor, since the length ds of the segment PP’ chosen to deter- 
mine the direction is a priorz arbitrary, the only condition being 
that it is infinitesimal. 

In order to make the correspondence one-to-one, we shall, 
in order to determine a direction, replace the differentials by the 
proportional quantities . 


these are unchanged if we multiply dz, and dz, by a positive 
factor k, since it follows from equation (4) that then ds is also 
multiplied by &. 

These quantities are called parameters of the direction and 
obviously reduce to direction cosmes when the surface o is a 
plane and 2, x, represent orthogonal Cartesian co-ordinates. 
The parameters are not independent but are connected by the 


relation 
2 


Din Cir r ne — il. * . . . (5) 


1 


which is obtained by dividing equation (4) by ds* and which 
corresponds to the well-known identity for the Euclidean plane 
that the sum of the squares of the cosines = 1. Since ds is an 
invariant and the dz’s are contravariants, the parameters are 
also contravarvants, which justifies our having placed the indices 
above. 
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Instead of the parameters two linear combinations of them 
are sometimes used; these are 


2 
A, = Ly, dix nN =) Lies ert) 
1 


which are called moments. Since the coefficients a, form a co- 
variant double system (cf. § 2), and the parameters, as we have 
just shown, form a contravariant simple system, it follows that 
the moments are covariants.+ 

We showed in § 2 that the determinant a is not zero; the equa- 
tions (6) can therefore be solved, giving the formule 


ER hy peace enc) OG 
1 


which give the parameters in terms of the moments. The para- 
meters and moments are connected by a particularly simple and 
remarkable bilinear relation, which follows immediately from 
(5) and (6). In fact, multiplying the equation (6) for the generic 
index 7 by A’, and summing for 7 = 1 and 7 = 2, we get from (5) 


2 
Sy ees ae a ee) 
1 


It follows directly that the moments also are connected by a 
quadratic relation. We need only substitute in (5’) for 4’ the ex- 
pression given by formula (6’), which gives at once 


2 
De ai™ A; A = ihe e e ° ° (5””) 
1 
4. Angle between two directions. Contravariance of the 
coefficients a”. 


Consider two directions on a surface drawn from a single 
point P. We shall denote them by A and yp, where these two 
symbols mean more precisely the two unit vectors which deter- 
mine the given directions. The parameters and the moments 
of A will be denoted by A’, A;, and those of w by p’, u;, respectively. 
We propose to find the angle 9 between the two directions as a 
function of the parameters or of the moments. 

Denoting the increments of the co-ordinates y,, x; by dy,, 


1 Cf. Chapter IV, § 10. 
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dx, respectively, the direction cosines of A, for a displacement 


ds along A, will be 


dy SOY WES. OY 
oi fs Sr v a v yt a2 ¢ 
Boe ae OH LB. 


Similarly, denoting by the symbol 6 the increments of the co- 
ordinates for a displacement 5s along u., we have for the direction 
cosines of this direction 


8y, es S, oy, Oa, es > OY, rie ; ‘ (7') 


5s 1 da, ds 1 Ou, 


Hence, from the usual formule of analytical geometry, we 
get 


3 Sie 2 3 
cos? = x, dy, bg,» = ye Le OY, oY, x ever DIY in oy, OY, 
1 ds 8s ie 1 
and therefore finally 
2 
Cee Slate Ne) a Ge 8) 
1 


Substituting for p", or 4’, or both, their expressions in terms 
of the moments, we get for cos the following equivalent expres- 
sions: 


2 

cos? = &, A’ pw, (8’) 
1 

cos? = &; Meee re 2 bo) 
1 
2 . 

cost = Diz a” A; Px: ° ° . e (8’’) 
1 


The last of these formule enables us to see that the notation 
a’* is in agreement not only with the convention adopted for 
reciprocal elements, but also with that of writing the indices of 
contravariance above. For putting 


n= A,ds, a [y,08 (2, k — Lm 2); 


where we note that the w’s and the o’s are independent variables 


94 INTRODUCTORY THEORIES 


‘(not connected by any relation as are the )’s and the y’s), we can 
write equation (8”’) in the form 


2, 
ds8s cos? = Ly, a™ u; 0,3 
1 


since the left-hand side is invariant, and the right-hand side con- 
sists of a bilinear form in two sets of arbitrary covariant variables, 
it follows that the coefficients a” are contravariant. 

To find sind, we can form the product by rows of the two 
determinants 


MoM» 4 A,| 


pr pe Hy Be | 


Applying formule (5’), (8’), and (8’’), this becomes 


1 cose 
= 1 — cos? = sin?9$. 
cost i 
We therefore have 
. a, Aye take 
sind = x | es) 
pr Pl | My By 


where the radical must have the sign +, since by definition the 
angle between two directions always < 7, and therefore sin 
ey, 

The expression (9) can be put in another form. It is easy to 
verify that 


A, A, A, Up i ? At 22 
= ° = GO : 
My be Qo, Ming) | Ap pepe 
and therefore 
_{|At 2 
sind = r/q a (9’) 
pr? 
c 1 JA, AQ! 
oralso sin}? = OF | hae, Bee a) 
Uy Me 


where in each case it is understood that the radical </a is to have 
its arithmetical value. 
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5. Associated, and in particular reciprocal, tensors. The 
typical example of the parameters and moments of a single direc- 
tion. 

Take a generic tensor (with reference to the variables 2,, x) 

Hie iain od. Pa 
Se tee ores Ops 
of rank m-+ yu; if we compound it with the coefficients a, 
of our expression ds", we can transfer any one of the indices h, 
say h,, from above to below, so saa 


Qe. hy 
i. G «tm hy 


Ie “a a 


= => yk A; ia 


which is a tensor of the same rank, but with an index of covari- 
ance more and an index of contravariance less, namely /,. Simi- 
larly, compounding with the contravariant double system com- 
posed of the reciprocal elements a (cf. § 4), we can transfer 
any one of the indices of covariance, say 2,, from below to above. 
We need only put 
es hy. hts uy =: qt Aas: ‘ ee 

in which the system C is also a tensor of the same rank. 

These operations can obviously be repeated, so as to transfer 
not one but several or even all of the indices of the given tensor. 


All the tensors so obtained are called associated tensors of the 


ch 


tensor Apes re vs , so that association is a relation which is 


dependent on a given ds?. In particular the tensor 


zits -+- im 
hy hg... hy 
OF 


dy tod ; ley hig. «i 
Udi gy2J2 mJm Lae 
a“a Bo ah Ay » asia re fp 
Paley alg Pak ide ++ Im? 


Ho 


rz Jae Jim ler legs. Mey 


in which the indices of covariance are the same as the indices of 
contravariance in A, and vice versa, is said to be reciprocal to 
A, the use of the term being justified by the consideration that 
the relation is reversible, A being the reciprocal of Z in the same 
sense as Z is of A. This can be shown explicitly if we suppose 
the above formule defining the system Z solved for the A’s. 
Equations (6) and (6’) show that the parameters and moments 
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of a single direction form a particularly simple and striking 
example of a pair of reciprocal systems. 

Remark I.—The definition of the tensors associated with a 
generic tensor A involves essentially a specific ds®, whose co- 
efficients a,, and their reciprocals a’” form part of the definition. 
When it is necessary to emphasize this fact, we can do so by 
speaking of the tensor or tensors as associated with respect to the 
‘ds? in question. 

Remark II.—¥For the symmetrical covariant double system 
a, and the contravariant system composed of the reciprocal 
elements a’, from which the associated tensors are constructed 
by composition, we could plainly take the coefficients of any 
other invariant quadratic ¢ instead of those of ds? (provided 
only that ¢ is irreducible, so that the reciprocal does in fact 
exist). We should then have associated systems with respect 
to the quadric ¢. 

Remark III,—We may point out at this stage that the 
idea of associated systems holds good as it stands for any 
number of variables .x,, %,... Z,. We need only suppose that 
the indices take the values 1, 2, ... m, and that the auxiliary 
element is represented by an irreducible differential quadratic 


n 
form ¢ = Xz a, dx;,dx, 1 n instead of in two variables. 
1 


6. Surface vectors. 


Let R be a non-zero vector drawn from a point P of the surface 
o, tangentially to the surface; we shall call it a surface or tan- 
gentral vector, and we can determine it by its Cartesian components 
Y,(v = 1, 2, 3) or, in closer agreement with its intimate relation- 
ship to the surface, by its magnitude R and its direction, the 
latter being determined by its parameters X' or its moments 
\;. These three quantities are not independent, since the para- 
meters (or moments) are connected by the usual identity; the 
vector is therefore determined by two essential quantities. It 
will accordingly be convenient to represent it by the two inde- 
pendent quantities 


RY EN (0) a Te tee LO) 
or alternatively by the pair 
Rey i=" 1,12) oC 
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which are called respectively the contravariant and covariant 
components of the vector. 

These obviously form a pair of reciprocal systems, since by 
the preceding section the parameters and moments are reciprocal, 
and equations (10) and (10’) show that R’ and R, differ from the 
parameters and moments only by a common factor R. 

R can be calculated from them by means of the identities 

2 


Dende ee — R?, . . . (11) 
1 
2 
Dix a ReR. — R?, . . . (11’) 
1 
2 
Ren re At) ee ae) 
1 


(which are merely (5), (5’), and (5”), each multiplied by R?), 
and then A’ and A; follow from equations (10) and (10’); thus 
we see that the vector is completely determined by its contra- 
variant (or by its covariant) components. 

To find the relation between the contravariant components 
and the components Y, with respect to Cartesian axes y,, Yo, 
Y3, note that the direction cosines of the direction whose para- 
meters are the i's are given by equation (7), and hence the 
components Y, (which are equal to these cosines each multiplied 
by R) are given by the equation 


2 
ee SN eh ee ee AL) 
e 


It is now obvious that the covariant components can be 
obtained from the contravariant components, and vice versa, 
by means of formule completely analogous to (6) and (6’), and 
obtained from these by multiplying them by R. 

If we have to deal with zero vectors, i.e. having their length 
R zero and their direction indeterminate, we find that in order 
to satisfy equations (10) and (10’) in this limiting case we have 
to take R' = 0, R; = 0. With these values all the other 
equations ( (11), (11’), &c.) are also satisfied, as can at once 
be seen from the fact that both sides of each equation vanish 
separately. 

By an analogous procedure we can find simple expressions 

( D 655 ) 8 
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for the scalar product R x V of two surface vectors R, V, re- 
membering that if 9 is the angle between the vectors we have 


ROC == EY COs0. ena a eee) 


In fact, considering first the general case of two vectors neither 
of which is zero and whose versors are A and pw respectively, and 
multiplying equation (8’) by RV, we get 


2 
R x V a 2; R' Vs . . ° ° (14) 
1 


while the equations (8), (8), and (8’’) would give analogous 
formule. 

The expression (14) for the scalar product also holds, like 
formula (13), when one or both vectors are zero, the scalar pro- 
duct (by definition) and the right-hand side being then zero in 
both formule. 


7. Parameters and moments of the co-ordinate lines. Element 
of area. 


We shall next obtain the direction parameters of a co-ordinate 
line, e.g. the line x, (ie. 2 = constant), considered in the 
direction of x increasing. For an infinitesimal displacement in 
this direction, we have 


dit, = 0, ds* = a, da? -- 26, dx, 02, += Oe, diy — Oy Os 
Since ds is essentially positive, and dz, is positive by hypo- 


thesis, we have, extracting the square root of the last of these 
formule, 


ds = Va,dx,, 


where the radical is taken positively. It follows that 


AR ae SE cee Rees EG aay 


Similarly, the parameters of the line 2, in the direction of 
%, creasing, will be 
x 1 


pi = 0, bs = 
V dop 


(15’) 
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Substituting these expressions in the equations (8) and (9’), 
we can get the angle Q between the two co-ordinate directions. 
The resulting formule are 


a : 
SIM) eo Ret ath EB Sot ely 
Vay A329 
eta ps pal (16’) 
Vay A29 


Equation (16) shows that the necessary and sufficient condi- 
tion that the co-ordinates x, 7, may be orthogonal is a,, = 0. 

If we take an infinitesimal element of surface, obtained by 
drawing two infinitesimal segments ds, 5s, from a point P along 
the co-ordinate lines, and completing the parallelogram, the 
area of this element will be 


do = dsds smQ 


= Vay, da. VS dg dy. va 


a/ 1 U9 


= VJadz,dx,. (17) 


8. Fundamental observation (Gauss’s) on the intrinsic geo- 
metry of a surface. 


We are now in a position to make an observation which will 
show fully the importance of the quadratic form (4) in the study 
of the surface. For this purpose we shall first make use of certain 
intuitive considerations in order to fix the idea of the intrinsic 
geometry of a surface. 

Let us give the concept of a surface a material form by think- 
ing of a flexible and inextensible sheet of matter on which figures 
can be drawn, and such that it can be deformed, bent, and folded 
in an infinite number of ways, but not torn or stretched. When 
a surface of this kind is deformed the figures drawn on it will 
take different spatial configurations, but some of their properties 
will be invariant. For instance, if two lines intersect, they retain 
this property however the sheet is deformed; the length of a 
segment of a line remains the same, and hence the distance 
between two points, measured along the surface (i.e. along the 
shortest line joining them which lies wholly on the surface), 
is unchanged; the angle between two lines which meet at a point 
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is unchanged; and so on. In short, all those properties which 
involve no element alien to the surface (or, as it is usually ex- 
pressed, which can be investigated without leaving the surface) 
are independent of the deformations of the surface, and con- 
stitute its intrinsic geometry. 

Even in elementary geometry we have examples of this 
kind. Plane geometry can be, and most of it is, constructed 
without using points outside the plane, and is therefore intrinsic 
as regards its plane; it still holds—at least for suitably restricted 
regions—if the plane is folded, or wrapped round a cone or a 
cylinder. 

Now consider the fact that the fundamental elements for the 
study of the metrical properties of a figure are: (a) the distance 
between two infinitely near points, and (b) the angle between 
two directions. In fact, the length of any line whatever is found 
by integration from the length of its infinitesimal elements, the 
area of a figure can be calculated by breaking it up into elemen- 
tary parallelograms, and so on. Now the formule (4) and (8) 
(or (8’), &c.) provide us with precisely these two fundamental 
elements for the study of the intrinsic geometry of a surface, 
whenever the coefficients of ds? are known as functions of the 
x's; these coefficients therefore determine the metrical (intrinsic) 
properties of the surface, and are invariant for any deformation 
whatever of the surface which does not involve stretching. Hence 
the particular interest of all those theorems which can be expressed 
analytically in terms only of the surface co-ordinates x and the 
coefficients a, of the fundamental form; namely, the fact that 
they express properties belonging to the intrinsic geometry of 
the surface. The introduction into mathematics of this idea, and 
the fundamental observation relating to it, are due to Karl 
Friedrich Gauss. 


9. Note on developable surfaces. 


A developable surface is one which is flexible and inextensible 
and can be made to coincide with a region of a plane, without 
tearing or overlapping. Examples are the cylinder and the cone, 
and any surface formed of several portions of a plane. The in- 
trinsic geometry of surfaces of this kind, as we have seen in the 
preceding section, is identical with that of the plane, and their 
line element can take the same forms as that of the plane; e.g. 
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we can choose a system of surface co-ordinates 2,, 2, such that 
as” = da? + dz,*. 

Consider a simple infinity of planes, which we may think of 
as represented by a linear equation in the Cartesian co-ordinates 
Y1; Yo Y3, Whose coefficients are continuous functions of a parameter 
u. The envelope of this family of planes is a developable surface 
to which they are tangent planes. This proposition is rendered 
intuitive by the following argument based on infinitesimals. 

Let w 1, @, G3, . . . be planes of the family corresponding to 
successive infinitesimal increments of the parameter uw; and let 
g, be the intersection of w, and a, 

J the intersection of w, and oz, 

and so on. By definition, the 

geometrical locus of all these lines 

is the envelope surface.. The lines 

9 Jo, - - - are called its charac- 

teristics or generators; each of the 

planes w contains two of them, 

forming an infinitesimal angle (cf. 

fig. 1), and the envelope may be 

considered as made up of an in- Jz 
finite number of these infinitesimal i 

plane regions. It is thus clear Fig. 1 
that the envelope surface can be 

developed into a plane by successive rotations about the 
generators 9), Jz... 

We shall shortly SS occasion to consider the envelope of 
a particular family of planes (depending on a single parameter), 
namely, the tangent planes to any surface whatever o, at all 
points of a specified line 7 lying on the surface. The envelope 
of these planes is a developable surface o,, which is called the 
developable circumscribed to o along T; since the tangent planes to 
o at points on 7 are also tangent planes to a, it follows that the 
circurnscribed developable touches o along the line 7. 


(6) Parallelism with respect to a Surface 


10. Geometrical definition. 


In Euclidean plane geometry, when two points P, P,, are 
fixed, then to every direction drawn from P there corresponds 


102 INTRODUCTORY THEORIES 


one and only one direction drawn from P, and parallel to the 
first. We now propose to extend this idea from the intrinsic 
geometry of the plane to that of any surface o whatever. 

For this purpose consider a point P of o, the corresponding 
tangent plane w, and a generic direction drawn from P tangenti- 
ally to o and therefore lying in w. We shall consider the direction 
as determined by the corresponding versor (unit vector) u, and 
shall accordingly refer merely to the direction u instead of the 
direction whose versor is u. Let P, be any other poimt on o, 
and w, the tangent plane at P,. 

If the surface o is developable, we can obviously establish a 
correspondence, which we shall call parallelism, between the 
directions drawn tangentially from P and those from P,. The 
. direction u, which becomes parallel to u in the ordinary sense 
when o is developed upon a plane will be called parallel to u with 
respect to the surface. 

This criterion fails in the case of a non-developable surface 
o (even of the most elementary type, such as a sphere), and it 
is natural to look for an adequate generalization of it. The most 
direct solution is obtained by adding to the elements of position 
already considered (which are sufficient without further definition 
for developable surfaces) a connecting law, a priori arbitrary, 
according to which P, is to be considered as reached from P by 
moving along a specified curve T lying on o (the curve of dis- 
placement). 

We can now, with reference to this curve 7’, define parallel 
displacement from P to P, as follows. Consider the developable 
circumscribed to o along 7’; this surface, which we shall call 
o,, 18, aS we know, tangential to o along the given curve, and in 
particular at P and P,. Hence the directions tangential to o 
at these two points are also tangential to o,. We can now take 
for our definition of surface parallelism on o along T the paral- 
lelism which we have associated with the developable o,, and 
we shall agree to say that the parallel at P, along the line 7 
to a generic direction (in the surface) u at P is the direction 
(in the surface) u, which, on the developable o,, is parallel to 
u in the sense just defined.1 

‘A simple and so to speak automatic way of constructing parallel directions is 
to roll the surface o along a plane. Cf. Pmrsico: ‘“ Realizzazione cinematica del 


parallelismo superficiale”, in Rend. della R. Acc. det Lincei, Vol. XXX (2nd 
half-year, 1921), pp. 127-128. 
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11. First consequences. Equipollence of vectors with respect 
to a surface. 


A necessary consequence of the foregoing definition is that 
—contrary to what happens for developables—the direction u, 
which is parallel with respect to the surface to the direction 
u at P, is not uniquely determined by P, u, P,, alone, but in 
general depends also on the curve of displacement. From this 
pomt of view the geometrical concept of parallelism can be 
compared with the physical concept of work, which involves 
the integral of an expression of the form X,dz,-+ X,dz, (where 
%, L_ are co-ordinates, of any kind, of the points of oc). This 
integral in general depends on the line T of integration; only 
in the particular case when X,dzx, + X,dz, is a perfect differ- 
ential is there no such dependence. 

Returning to parallelism along 7, we must first point out that 
angles are unchanged by parallel displacement. That is to say, 
if a, b are two generic directions (in the surface) at P, their parallels 
at P, with respect to the surface, a,, b,, contain the same angle. 
This is obvious if we notice that we have parallelism in the 
ordinary sense in the plane upon which a, is developed, and that 
further the operation of development does not change angles. 

Up to this point of the discussion we have referred solely to 
directions, with their corresponding versors. It is clear that the 
same construction as that used to pass from u to u, can be applied 
to a tangential vector R of any (non-unit) length R. If u is the 
corresponding versor, we have R = Ru, from which we get a 
vector R, = Fu,, i.e. a vector localized at P,, having the same 
length as R and the same direction as the versor u, which is 
parallel to u with respect to the surface. We shall naturally 
say that the vectors R and R, are equipollent with respect to 
the surface, with reference to the path 7. In substance this 
concept of equipollence with respect to a surface reduces at once 
to parallelism, two tangential vectors being equipollent when 
they are parallel and have the same length. 

The case where the curve of displacement T is a geodesic * 

1T.e., with the usual definition, any line on o such that at every point its 
osculating plane is perpendicular to the tangent plane to ¢. The lines which give 
the shortest path lying on the surface between two given points always have this 
property. Further, the reciprocal theorem is also true (under certain restrictions); 


hence to define geodesics we can use sometimes one and sometimes the other 
criterion. We shall return to the question farther on (cf. § 23). 
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on o calls for a special note in relation to parallelism. T is then 
also a geodesic on o,. In order to see that this is so, note that 
o and o,, have the same tangent planes at all points of 7; hence, 
if the various osculating planes of 7 are normal to one of the 
surfaces, they are also normal to the other. When a, is developed 
on a plane, the geodesic 7 becomes a straight line (an immediate 
consequence of its characteristic property of giving the shortest 
path between any two points on it), and the directions u and uy, 
which become parallel in the plane as a result of the development, 
will make equal angles with this line. Since development does 
not change angles, we deduce that parallel directions on o at 
points of a geodesic make equal angles with this geodesic.1 In 
particular, if u coincides with the direction of 7 at P, then 
u, will coincide with the direction of T at P,, or in other words, 
the directions of a geodesic at its various points are all parallel 
(along the geodesic itself); more shortly, the geodesics are auto- 
parallel curves. It follows from these arguments that auto- 
parallelism is a characteristic property of geodesics and can be 
used to define them.” 


12. Infinitesimal displacement. Infinitesimal form of the law 
of parallelism. 


Suppose in particular that P, is infinitely near to P, so that 
the path T is reduced to the elementary are PP,, which is uniquely 
determined (except for infinitesimals of order higher than the 
first) by its extremities. For the development in this case we 
need only give the plane ow, an elementary rotation round the 
straight line r in which it intersects w. Incidentally we may 
note that the direction of this line is said to be conjugate to the 
direction PP,, at P or at P, (both points giving the same result, 
except for infinitesimals). We shall denote by — w the infini- 
tesimal vector, parallel to 7, which in magnitude, direction, and 


1'Taking this property as defining parallelism with respect to a surface we can 
deduce from it for the sphere an elegant geometrico-kinematical construction from 
which various other properties follow easily. Cf. G. CorBeiint: “Genesi 
cinematica intrinseca del parallelismo di Levi-Civita”’, in Rend. della R. Acc. det 
Lincei, Vol. XXXII (1st half-year, 1923), pp. 72-76. 

> This statement will be recognized as an obvious extension to surfaces of any 
kind whatever of the primary intuition of the nature of the straight line, expressed 
by Euclid in the words evdeta ypayuh éoriv, iris €€ tcou Tots ép’ éauThs onpelors 
ketrae (a straight line is that which lies equally with respect to all its points). 
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sense represents the elementary rotation by means of which o, 
is brought into coincidence with w. Then w will be the elementary 
rotation which will bring w, back from the plane of development 
w to its original position as tangent plane at P,. Let R be a generic 
tangential vector drawn from P; in order to find the equipollent 
vector R, at P,, we draw from P,, when in the plane of develop- 
ment, the vector equipollent in the ordinary sense to R, and then 
bring the plane ow, back to its original position, carrying with it 
the vector so constructed. Thus the vector R, is merely R, 
after having undergone a displacement (of no interest if we 
consider the vector dependently of its point of application) 
and also the rotation w. From the elementary principles of 
rigid dynamics we find that the difference between the vectors 
R, and R, i.e. the vectorial increment dR of the vector R during 
the parallel displacement from P to P,, is given by 


dR = 0 Rk, 


i.e. the vector product wR. 

As both w and R are vectors in the plane a it follows that the 
increment dR is perpendicular to this plane, or, in particular, 
is zero.+ 

We shall now show that this condition, combined with the 
condition that R, is a tangential vector (i.e. belongs to aj), 
completely determines the vector R,, so that we may take as 
the differential definition of parallelism with respect to a surface 
the following geometrical relations, in which n denotes the normal 


to @: 
iy ee yea eee ee C18) 


R, || 
To prove this, note that the equation 
R = R, — dR 


must be satisfied; i.e. that it must be possible to resolve the 
vector R into one component R, parallel to a given plane and 


1 The last-mentioned case will occur if R has the direction of @, i.e. the con- 
jugate of PP,; in this, and only in this case, the parallel R, with respect to the 
surface coincides with the Euclidean parallel. This remark is due to PRorEssor E. 
Bomprant, who has made use of it to generalize the theory of systems conjugate to 
surfaces belonging to non-Euclidean spaces; cf. Atti del R. Ist. Veneto, Vol. LX XX, 
1921, p. 1120. 
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another, — dR, parallel to a given direction not contained in 
the plane; it is known that this can be done in only one way. 


113% The intrinsic character of parallelism. 


Returning to the question of parallel displacement along an 
are T of finite length, we see at once that if T is a segment of 
a geodesic, parallelism depends solely on the intrinsic properties 
of the surface o; i.e. it depends on the nature of the linear element 
ds, and not on the configuration of the surface in space, as might 
a priori have been supposed from the geometrical construction 
(which uses the surrounding space) or the equivalent formule 
(18) and R, || 3. 

In fact, we need only recall the two general properties of the 
conservation of angles and the autoparallelism of geodesics. 
The parallel u, at P, to a generic direction u drawn from P 
is determined by the conditions of (a) belonging to the surface 
o, and (6) of making the,same angle at P, with the geodesic of 
displacement as u does at P.,,.3t will be seen that we are dealing 
with angular properties which depend solely on the metric of o. 

This argument for a geodesic 7’ can easily be extended to 
the general case, if we suppose 7 divided up into elementary 
displacements, from a generic point P to a very near point P,. 
In a displacement of this kind the elementary change in the 
direction u is determined, as we have seen, by the extremities 
PP,; the nature of the line joiming these extremities has no 
effect, and we may therefore think of it as a displacement along 
an infinitesimal segment of a geodesic. But a displacement of 
this kind depends only on the intrinsic properties of the surface; 
hence we see that in general this is true also for the change in 
u, and therefore for parallelism, whatever may be the line of 
displacement. : 

The same result holds good for equipollence, ie. for the 
displacement of vectors of any (non-unit) length whatever. 
In fact (§ 11), this length by definition remains unchanged. 


1 Some interesting geometrical consequences, especially for the case of ruled 
surfaces, have been pointed out by A. My tiErR in some notes in Comptes 
Rendus ; cf. Vol. 174 (1922), pp. 997-998 ; Vol. 175 (1922), pp. 939-941; Vol. 176 
(1923), pp. 483-485. Cf. also a recent note by O. MayeER: “ Une interprétation 
géométrique de la seconde forme quadratique fondamentale d’une surface en 
relation avec la théorie du parallélisme’”’, ibid., Vol. 178 (1924), pp. 954-956. 
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14. The symbolic equation of parallelism. 


The condition (18) can be put in a more expressive form if 
we note that it is equivalent to saying that the vector dR is 
perpendicular to every direction which is tangential to o at P, 
or in other words, if we think of such a direction as being deter- 
mined by an infinitesimal displacement of the point P along 
the surface, that dR is perpendicular to all these displacements. 
In symbols, if 5P denotes the infinitesimal vector representing 
the displacement, we shall have 


dRx8P = 09 6. ye 19) 


for any 5P whatever which is tangential to co—an equation similar 
in form to the equation of virtual work. If dY, (v = 1, 2, 3) 
denotes the components of dR, and dy, (v = 1, 2, 3) the com- 
ponents of 5P (in both cases referred to the orthogonal Cartesian 
co-ordinates 4, Y2, ¥3), we have identically 


3 
dR x SP =%,dY,Sy,, ... . (20) 
I 


and the vectorial relation (19) is thus transformed into the scalar 
relation 


HMo 


Gd Vby = 05. 9S. has ner) 


this, or the original equation (19), may be called the symbolic 
equation of parallelism. 


15. Intrinsic equations of parallelism. 


As the symbolic equation involves geometrical elements which 
do not belong to the surface, it does not show directly that paral- 
lelism is a concept depending only on the intrinsic properties 
of the surface. But we can deduce from it without much diffi- 
culty other equations which have this important characteristic. 

In order to do so, we shall naturally try to find the values in 
terms of intrinsic elements of the quantities dY, and dy, which 
occur in equation (19’). Take first the displacements dy,. The 
only condition imposed on them—other than that of being 
infinitesimal—is that they represent a displacement along the 
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surface of o; they can therefore be expressed in terms of the 
corresponding (arbitrary) variations 62, 5% of the surface co- 
ordinates, by differentiating the equations (1). We accordingly 
have 


As the vector R is tangential, we can define it intrinsically 
by means of its contravariant components, and substitute for 
the Y,’s the expressions (12). 


oy, a (2% R’) (See 


for the sake of shortness, the identity (20) can therefore finally 
be written in the form 


4 
dR x oP = 2a te Ons a 5 ‘< (20’) 
ah 


since 62,, 6%, are completely arbitrary, it follows that the symbolic 
equation of parallelism is equivalent to the two followmg equa- 
tions: 

T= 0 (el, QS pasee ee antaae 


These are the two equations which define the imcrements 
dk, dk? to be assigned to the components of a generic vector 
R when it undergoes a parallel displacement along the elementary 
path dz,, dz,; that they are really intrinsic equations will be 
clear when the expressions 7; are written out in full, as will now 
be done. 

Differentiating the product on the right-hand side of the 
equations (21), and using the expression for the coefficients a,, 
given in formula (3), the expression for 7, becomes 

2 3 2 2, 
tp == By ARE Ds, Bp Boe de, 
1 at 


OX, OU; 02; 


2 j 2 / 3 2 
or ia x, Vy dR! ae xi R! dx, >a oY, = d dv 5 (21’) 
saa ite 1 Cz, 0g; Oxi 


We have now to show that the result of the summation with 
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respect to v can be expressed in terms of intrinsic elements; 
more precisely, that it is a linear combination of the derivatives 
of the coefficients a,,. Consider its general term, and note that 
we can write 


| es Saree: te see) Oy, oy, 


Ox, 02;,0m da, \Om, Ox) d2,0n, Ox, 


or analogously 
oy, Oy _ 2 er) d*y, OY, 


OX, 0%; 0a, ~ Oa, \Oa, 0a; Ou, 


02, 0%, 0x; 


In order to maintain symmetry in the indices 7 and J, we shall 
take half the sum of the expressions on the right of these equations 
to represent the value of the term in question. Noting that the 
sum of the two terms preceded by the minus sign is exactly the 


derivative with respect to x, of the product OY, oY, 


oy, Py, e als (2 sue) G) te 2) — G) eal 
Ox, 02,0", .~Lda,\0x,02,/ — Ox,\0x, 0% 0%,\0%,0%)) | 


Now sum with respect to v. Remembering the values of the 
coefficients a, we get 


S Oy, Oty, fess, KE Ody, oe At 


1 Ot 0x; On a Ox; OX, OL, 


we get 


Hence this sum has been put in the required form. The 
right-hand side of this equation is represented shortly by the 


symbol 
[jl, 


(Christoffel’s symbol of the first kind); which is easy to remember, 
the arrangement of the indices corresponding to that of the 
negative term of the linear combination above, while the two 
positive terms have the same indices but differently arranged. 
We shall investigate presently some properties of these symbols; 
for the moment we need only remark that they represent certain 
functions of the surface co-ordinates 7,, 2, which depend only 
on the fundamental quadratic form. 
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Returning to the expression (21’) for the quantities 7,, we 
can now write it in the form 


Z i 
T= Dj a; dR) + Zi LG, Fi] Bda- (b= 1-2) 1") 
1 


Before continuing the argument, it is important to note that 
the quantities 7,, which (as shown by equation (21’) ) depend 
on two vectors (R and the displacement dz,, dx.) as well as on 


the coefficients of ds? and their first derivatives, are covariant. 
> 2 


This follows from the invariance of the linear form sy Ty, ALy, 
which is itself shown by the identity (20’). : 
The system which is the reciprocal of the 7,’s, namely, 


oe = 3, a 7, (Gia ii2); 
a} 


is accordingly contravariant; using equation (21’’), it can be put 
in the form 


7 = dR’ + By Ri dx, > a [4l, k], 
or, putting Sy a [ik] = { gl, 0} 
(Christoffel’s symbol of the second kind), in the form 
f= dR +E (ji}Ridn . . @r") 


The equations of parallelism (22), as is a priori to be expected 
from their geometrical significance, are invariant whatever system 
of curvilinear co-ordinates 2, x, 1s chosen. This is evident from 
the fact that they express the vanishing of the covariant system 
7, (cf. Chapter IV, § 12). The equations of parallelism can of 
course also be put in the equivalent form 


a i) (6: Se 2) led ov cu 
which also shows that they are invariant. 


Solving them for the differentials dR', we get 


J 


dRi = —X,{jl, i} Ridm (i = 1,2). (28) 
1 
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This is the final form of the differential equations of paral- 
lelism. It gives the increments of the contravariant components 
of a surface vector in an equipollent displacement along the 
elementary path dz;, expressed in terms of the dz,’s, the com- 
ponents of the vector, and certain functions of position (to be 
considered as given) depending only on the coefficients of ds? 
and therefore on the intrinsic nature of the surface. 


16. Christoffel’s symbols. 
We have introduced the symbols 


. — Oxy — 7a] 9 
Le AEs ees | oy 
{Jt} = Sa" [j,k . - . (25) 
1 


which can also be formally extended to quadratic forms in n 
variables; we now propose to examine their more elementary 
properties. 

First, it is obvious that both symbols are symmetrical with 
respect to the coupled indices, i.e. that 


[A] = (9.4), {gL a} = {4,4}. 


Consequently for a form in » variables there are » of each 
kind corresponding to each pair of indices. Hence there are 
in all 3n?(n + 1) of each kind (the number of first derivatives 
of the coefficients a;,). 

It is easy to express the derivatives of the a,,’s in terms of 
Christoffel’s symbols. Writing down equation (24) and the 
corresponding equation obtained by interchanging / and k, and 
adding them, we get the following formula, which frequently 


occurs: 
0 Gy, 


On, 


i] 


{it kl -F 9k Ie a eS 2) 


From equation (25), applying Cramer’s rule in the usual 
way, we can get the symbols of the first kind in terms of those 
of the second kind. Multiplying by a,,, and summing with respect 
to 7, we get in fact 


[jl, m] = Edin { jl, 6}. Pre (200) 
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Lastly, we shall prove a formula which is frequently used 
and gives the derivatives of the determinant a (or more precisely 
of its logarithm) in terms of Christoffel’s symbols. 

Applying the usual rule for differentiating a determinant of 
order n, we see that the derivative of a with respect to any one 
of the a’s (say ;) is the sum of n determinants, any one of which 
(say the kth) is obtained from a by replacing the elements of 
the kth row by their derivatives. A determinant of this kind, 
expanded from the kth row, can be written in the form 


n Od; F 
i; —~ oo 
1 Ox 


(the co-factor of a, being aw” multiplied by a); hence 
j § Pp My 


n 
ej a a, 
Ou; il Ou; 


or dividing by a, and using formula (24’), 


0 lo eae, ane 
a = Sy (Lit, B+ [his J) 0. 
xX; 1 
Finally, by formula (25), we get 
oat _ 3 (78, f} +3, (hs, By. 
0x; 1 1 


The two sums in this formula differ only in the letter chosen 
to denote the index of summation; hence we have 
0 loga Pye 
Se Se ek 
0 2, ; He { V; } 


This formula is more frequently written in the form obtained 
by dividing by 2, i.e. 


0 loo a ee f ' 

ONS =D, 1h, b) Se ea) 
On; 1 

17. Equations of parallelism in terms of covariant components. 


It is easy to find equations analogous to (23) for the differentials 
of the covarcant components of the vector R. These components 
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in fact are obtained from the contravariant components by means 
of the relations (ef. §§ 3, 6) 


hence, differentiating and changing j into & in the second sum, 
dR; = 3) aay dx, Ri -= = Ain dR*, 
il OX, 1 


Now substitute for dR* the expression given for it by formula 
(23), and we shall have 


2 2 
dR, = By us day R — Ying dy {gly b} Ri dey, 
l 


In the first sum, we can express the derivatives of the co- 
efficients a,; in terms of the symbols of the first kind, so getting 


Ey (jl, a] + [il, j]) da, Ri; 


in the second, we can sum with respect to k (cf. formula (25’ ) , 

so getting 2 

— %,, [jl, 1] R’ day, 
1 


We thus have 
74 
dR; = Diy [al, 9] dx, Ri. 
y 


In order to make the contravariant components disappear 
altogether, we substitute for R’ from the formula 


2 
j jke A 
Ri = 3, a" R,; 
1 


summing with respect to 7 (which, by formula (25), changes the 
symbol of the first kind to one of the second kind), we get 


2 
dR; — Ln {al, k} Ki, dx). 
1 


Finally, changing & into 7 in order to show more clearly the 
analogy with the equations (23), we have the equations 


dk; = 1 {al, 9} BR; dx, (a a hs 2), ° (27) 
HE 


(D 655) 9 
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which are equivalent to (23). They are in fact the result of com- 
bining certain formule and identities with the equations (23); 
and reciprocally, starting from (27), an analogous process will 
give (23), as can easily be verified. 


18. Some analytical verifications. 


We are now in a position to give an analytical proof of some 
properties of parallelism which have already been obtained as 
immediate consequences of the geometrical definition. 

Consider first the parallel displacement of a vector R along a 
finite segment 7 of a curve, from P to P,. Let the curve be 
defined by the parametric equations 


G48), Serhan ote op een 


where s represents any parameter (which may, if we wish, be 
the length of the arc measured from an arbitrary origin P,). 
The quantities R’ are to be considered as functions of s with 
arbitrarily assigned.values at P. The equations (23), divided 
by ds, become 


Mw 


Ri = —Y{j, i} Re (= 1,2), 


where the dot indicates differentiation with respect to s, and 
the quantities x, are of course obtained by differentiating equa- 
tions (28), and are therefore to be considered as given functions. 
These are two linear differential equations of the first order, 
in the normal form with respect to the derivatives of the two 
unknown functions R!, R?; hence, as is known from the calculus, 
they uniquely determine these two functions when the (arbitrary) 
initial values are given. We have thus a confirmation of the 
geometrically obvious fact of the possibility of displacing an 
arbitrarily assigned surface vector, and of the wniqueness of the 
result. 

Using the differential equations already found, we shall now 
prove that the length of a vector and the angle between two vectors 
are unchanged by a parallel displacement. These two results 
can be proved simultaneously, as follows. Let R, V, be two 
vectors. Give them a parallel displacement along an infinitesimal 
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path, and calculate the change in their scalar product due to 
this displacement. We shall have (cf. formula (14) ) 


2 2 
d(R X V) = 5, R'dV, + 3, VaR 
ig ¥ 
substituting for dR’ and dV; from (23) and (27), this becomes 
2 2 
d(R X V) = Dig Ri fil, j} Vj dey — Duy Vz jl, 6} BR dem, 
1 1 


Interchanging 7 and 7 in one of the two sums, we see that the 
sums are equal, and therefore 


dR XV) = 0; 


i.e. the scalar product is unchanged by an infinitesimal (and there- 
fore also by a finite) displacement. Now let V coincide with 
R, so that R X V = R?, and we at once obtain the result 
that the length of a vector is unchanged by a parallel displace- 
ment. Combining this result with equation (13), we see that 
as the scalar product of two vectors and their respective lengths 
are all unchanged, the angle between them (provided neither 
vector is of zero length) must also remain the same. 


19. Permutability. 


While a tangential vector is intrinsically defined by two 
numbers, the geometrical notion corresponding to it, as we have 
already said, is a segment of a tangent line at a point P of the 
surface o—an entity which does not belong wholly to a, at least 
in general. If, however, we are dealing with an infinitesimal 
vector, the element of the tangent plane in which it lies coincides 
with the element of the surface o around P, and we may say that 
we are using only points lying in o. Hence, for a generic infini- 
tesimal tangential vector we can use the ordinary notion of a 
displacement from the origin P to the final point P,, where 
P, also lies ono. As the length R reduces in this case to a linear 
element ds, it follows from the definition of direction parameters 
that the quantities R’, which are equal to A’ds, are identical with 
the increments dz; of the curvilinear co-ordinates in passing 
from P to P,. 

Next, consider two systems of differentials dx;, 6x;, and the 
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corresponding infinitesimal vectors (or displacements) dP = 
PP,,5P = PP, (assumed to lie in c). We shall use the symbol 
df to denote the increment of f (where f is a generic vector or 
any scalar or vector quantity derived from it) corresponding 
to a parallel displacement from P to P,; the symbol éf 
will be defined in the same way for the displacement from 
PoLOers. 

With this convention déP will represent the vectorial incre- 
ment of 6P for a displacement from P to P,, and ddz; the incre- 
ment of the associated contravariant system 6z,;. For the latter, 
equation (23) gives 


2 
1 


Similarly, the displacement of dP from P to P, gives the 
increments 6dxz;, for which we have 


2 
dda; = SS Liz {jl a} dx; 8%). . . . (29’) 
1 


Interchanging 7 and / in one of these two sums, and using the 
property of symmetry of Christoffel’s symbols, we see that 


dotr == s0die. 50°) eer eae) 


which proves that the two operators d and 4, as just defined, are 
permutable. 

The geometrical meaning of this result is particularly simple. 
Note first of all that for mfinitesimal vectors—the only kind 
considered here—the elements of the contravariant system are 
merely the differences of corresponding co-ordinates. Hence, 
if the co-ordinates of P are the 2;’s, we shall have in the first 
place x; + dx; as the co-ordinates of P,, and x; + 8x; as the 
co-ordinates of P,. Let @ be the point on o reached by construct- 
ing at P, the vector equipollent to 6P; as the contravariant 
system for this vector is dx; + ddx;, we get finally 

x, + dx, + dx, + dd2; 


v 


as the co-ordinates of Q. 
Similarly let Q* be the point on o reached by constructing 
at P, the vector equipollent to dP; we get the co-ordinates of 
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Q* by interchanging the operators d and 8 in the Settinintes of 
ere eee rae Wat Sia, 


Applyig equation (30), we see that Q coincides with Q*. 
A more illummating way of expressing the same result is to say 
that the parallelogram rule holds for infinitesimal vectors which are 
equipollent with respect to a surface. 

It may be noted that in the foregoing argument second-order 
quantities of the type dbx have been taken into account, but 
(dx,;)*, (dx;)? have been neglected. If the latter were to be taken 
into account, by considering the vectors 6P, dP and the equi- 
pollent vectors at P, and P, as vectors in space, we should no 
longer have a parallelogram, nor even a closed quadrilateral. 
In fact, referring to the space construction already given (cf. 
§ 12) for vectors equipollent with respect to a surface, we see 
that while ddP and 6dP are both in the direction of the normal 
to o at P, yet their lengths are in general different, since the 
three points P, P,, P, and their respective tangent planes have 
@ priori no relation between them except that of being infinitely 
near one another. 

The formule (29) or (29’) provide a definition of the second 
differentials which is invariant with respect to any change of 
variables. In order to grasp the significance and value of this 
fact, we must recall the conventions as to second differentials 
which are adopted in the elementary theory of the calculus. 

To fix the ideas, consider the simpler case of a single inde- 
pendent variable. Ordinarily the convention d?~ = 0 is adopted; 
i.e. the increments dz are considered independent of 2, as is 
quite legitimate. But this simplification does not hold if we 
change the independent variable by putting x = f(€), from which, 
on the hypothesis that we have a reversible transformation, we 
can reciprocally find € as a function F(x) of x. In fact, differ- 
entiating twice the formula € = F(z), we get 


d& = F(x) dz, 
@E = F(x) (dx)? + F(x) dx 


1 This property might be taken as the starting point for an intrinsic proof of 
the properties of parallelism, depending only on the metric of o, and making no 
use of the surrounding space. The method can be applied directly to manifolds 
V,, of any number of dimensions. Cf. H. Wny1, Rawm, Zeit, Materie, §14 (Berlin, 
Springer, 1928). 
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which shows that even if we make d?z = 0, d?é will not in general 
be zero. 

_ If then there are n variables, it is usual to consider only 
systems of differentials which are completely independent of 
the variables z,, so that we have not only d?z; = 0, but also, 
for any two systems dz,, 5x, of these differentials whatever, 


dou; = ddz, = 0 (paar, Dearest ts 
Now change the variables, by putting x, = f,(%), and there- 
fore <; = F(x). Using the condition ddz; = 0, we get 
Lee ie 


6dz. = Dd. u ; 
L; a On, aa, dx; 82, 
so that the property 
ddzé, = dbz; 


also holds, but these differentials will not in general be zero. 
The usual convention is therefore legitimate, and is suggested 
by obvious reasons of simplicity, when in a given question we are 
dealing always with the same variables; but it is not invariant . 
for a change of variables. 

If instead we adopt the formule (29) and (29’), and suppose 
that 


2 
ut 

we get, for the same geometrical interpretation of this formula, 
a 


where the line above the letters denotes that Christoffel’s symbols 
refer to the variables Z, i.e. to the transformed quadratic form 
ds? = S3 Aix dé; i... 
1 

We could of course verify by direct substitution that the 
form of the expressions (31) is unchanged by the change of 
variables. We are in fact dealing with an immediate corollary 
of the invariance of the equations 7’ = 0 (cf. § 15), which follows 
at once by putting R' = 62, in these equations. 
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On account of this invariant property the second differentials, 
defined as in (31), are called contravariant, although strictly 
speaking the term applies not to them but to the expressions 


2 
L 


which in any case (see § 15) constitute a simple contravariant 
system. 


(c) Extension of the Foregoing Notions to n-dimensional 
Manifolds of any Metric 


20. n-dimensional manifolds. 


Alongside the extension of the use of geometrical terms which 
was developed in Chapter I, we shall now introduce, on the lines 
of the discussion in subdivision (a) of this chapter, the fundamental 
notion of an n-dimensional metric manifold, where n is any 
integer. 

If there are n variables 2,, 7, . . . Z,, we know that the aggre- 
gate of values which can be assigned to them is called an n- 
dimensional manifold. Now suppose that together with these 
variables and their field of variation there is also given a priort 
a differential quadratic form 


ds? — Da ir dx; d4;,, . . . . (32) 
1 


in which the coefficients a,, are given functions of the 2’s, and 
Gy, = %, ;. We shall agree to consider ds as the distance between 
the two infinitely near pots whose co-ordinates are 2, %,... Lp, 
and z, + dx, % + dt,... x, + dx,; we shall in consequence 
agree that ds is to be invariant for any change of co-ordinates. 
Having thus introduced into the manifold the notion of an 
elementary distance, we get from it at once by integration the 
notion of the length of a line, and also deduce from it, as we shall 
see, the most direct criteria for defining all the properties of 
extension (angles, areas, volumes, &c.). 

A manifold with which has been associated a quadratic form 
of the type (32), or in other words, a manifold whose metric is 
given, is called a metric manifold, and will be here denoted briefly 
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by V,,. Since ds? is invariant, the coefficients a,, obviously form 
a symmetrical covariant double system; we shall throughout 
the discussion suppose that they and their first and second 
derivatives are finite and continuous functions, and so chosen 
as to make the quadratic form definite and positive.! Thus the 
distance between two real points will always be real; the deter- 
minant a of the coefficients a, will always be positive. With the 
usual notation the reciprocal elements will be denoted by a”, 
&e. 

We shall now extend the concept of direction to a generic 
V,,. We shall consider direction as determined by two infinitely 
near points, i.e. by a system of dz’s. As before, we shall apply 
the term parameters to the n contravariant quantities 


x set dx; 


eWay 
mat ) 


which define a direction (and are uniquely determined by it), 
and we shall apply the term moments to the covariant quantities 


A; — Day, Oy nN (a = if, 2, Jue ve n). 
af 


Thus for any value of » we have again two simple systems, 
reciprocal with respect to ds, or to the form (32) (cf. § 5, Remark 
Ill). 

The parameters are connected by a relation completely 
analogous to (5), and the formule (5’), (5’’), and (6’) can be 
extended without difficulty, the summations being now from 
1 to n instead of from 1 to 2. The aggregate consisting of a direc- 
tion and a positive number R will be called a vector R in a J, 
(R being the magnitude of the vector); the products of R by 
the parameters of the direction will be called the contravariant 
components R', and the products of R by the moments the 
covariant components R; We shall then have a set of formule 
analogous to (11), (11’), (11”). 

Suppose the a’s expressed as regular functions (i.e. finite and 
continuous, together with all their derivatives which enter the 

1 At the end of the chapter (§ 28) we shall also consider shortly the case of an 
indefinite quadratic form, This case was at first neglected as offering little likeli- 


hood of useful application, but the theory of relativity has now invested it with 
very great importance, 
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discussion, in the field considered) of p parameters 14, Ug, . . . U 
where /p is a positive integer less than n: 


w; = fi(Uy, Ug, . . » Up) ee caller «a (co) 


We shall make the hypothesis that at least one set of p func- 
tions f is independent, i.e. that p: is the characteristic of the func- 
tional matrix of the f’s with respect to the w’s. Hence the 2’s 
are connected by » — p relations and no more, namely, those 
which we should get by eliminating the w’s from equations (33). 
In this way we define a subordinate p-dimensional manifold 
W,,, whose co-ordinates are the w’s. W,, is said to be contained or 
emmersed in V,,, since to every system of p values assigned to 
the w’s there corresponds, by (33), a system of values assigned 
to the z’s (i.e. every point of W, belongs to V,,), while not all 
the systems of values which can be assigned to the z’s satisfy 
the equations (33) (i.e. not all the points of V,, belong to W,). 
Now, remembering the analogy with the case n = 3, p = 2 
(cf. § 1), we naturally assign to the distance between two points 
of the subordinate variety the same value (32) as that of the 
distance between the same two points when they are considered 
as belonging to V,; i.e. we construct ds” for the subordinate 
manifold by substituting in (32) for the dz’s their values obtained 
by differentiating the equations (33). In this way we can easily 
find the coefficients of the fundamental quadratic form in the 
du’s, and the metric of the p-dimensional manifold W,,, immersed 
in V,, will be completely defined. For p= 1 the definition 
coincides with that given in Chapter I, § 1, for a line, of which the 
equations (33) are the parametric equations. 

If p = n — 1, the W, is often called a surface, or more pro- 
perly a hypersurface. 


21. Euclidean manifolds. Any V,, can always be considered 
as immersed in a Euclidean space. 


If ds? reduces to the sum of the squares of the differentials, 
as in the case of orthogonal Cartesian co-ordinates, the quadratic 
form is said to be Huclidean, and the co-ordinates, by an obvious 
analogy with the elementary cases n = 2 and n = 3, are called 
orthogonal Cartesian co-ordinates. When this is so, all Christoffel’s 
symbols obviously vanish identically, since the coefficients aj, 
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are constants. Given a generic V,, and therefore a generic ds?, 
it is not in general possible to bring about a change of variables 
such that ds? takes the Euclidean form, or in other words to 
establish a system of Cartesian co-ordinates in V,,; if it is possible 
J,, is called a Euclidean manifold, and we shall denote it by 
S,, We shall find later on the conditions to be satisfied by the 
d;,8 in order that V,, may be Euclidean. V,,, however, can always 
be considered as immersed in an V-dimensional Euclidean variety, 
where NV > n, as we shall now show. 
We propose to determine N functions of the 2’s, 


Y1(2), Yo(%), ++ Yv(Z), + +» ~ (34) 


such that when we differentiate them and take the sum of the 
squares of the differentials we get a form, quadratic in the d2’s, 
which is identical with the given ds”, so that we have identically 


N n 
am 

x, dy, = Ly, ay, da; dx, 

1 t 


Expressing the dy’s in terms of the dz’s, we have 


me dx, = nh Baa Qin dx; Ar, 


or, equating the coefficients of dx; dx, 


v 
>, OY = ai, (¢, be ee n). (35) ‘ 
1 OX; 02, 


We have thus obtained 4n(mn + 1) partial differential 
equations of the first order in the V unknowns y; unless any of 
these are mutually inconsistent (and a more detailed discussion 
would show that this is not so) we deduce that the problem is 
soluble for N = 4n(n + 1), and a fortiori for N > $n(n + 1). 
The y’s can evidently be considered as Cartesian co-ordinates in 
a Euclidean manifold (space) S,,in which the given V,, is immersed, 
V,, being parametrically represented by the values of the y’s 
n (34) (cf. formula (33) ). It is therefore possible to immerse a 
generic V,, in a Euclidean space S, provided N > n(n + 1). 
For particular V,s, however, a smaller number of dimen- 
sions may suffice; e.g. for a Euclidean V,,, » dimensions are 
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sufficient; in this case the y’s are Cartesian co-ordinates of V,, 
itself. 

If N has the smallest possible value, the difference N — n 
is called the class of the V,,. Since the minimum N is not greater 
than $n(n + 1), the class cannot be greater than 4n(n + 1) — n, 
or 4n(n — 1). Further, N cannot be less than n,! and therefore 
the mimimum value of the class is 0. For n = 2, the class is 1, 
which shows that every binary ds? may be considered as belonging 
to an ordinary surface. In other words, the parametric expressions 
’ which were our starting point (§ 1) impose no restrictions on the 
study of the mtrinsic properties of a ds? in two variables. 


22. Angular metric. 


We shall now extend to the generic V, the notion of the 
angle between two directions. The most direct method is by the 
formal extension of formula (8) (and its equivalents) by summing 
from 1 to n instead of from 1 to 2; this however will be legitimate, 
if we wish to avoid imaginary values of $, only when we have 
shown that the expression on the right < 1. 

In order to do this, we shall examine some algebraic properties 
of quadratic forms. 


Let © uss 5 
Pz = Ly Vip 2% My 
1 


be a definite positive quadratic form. Suppose that the 2’s are 
linear combinations of two different systems of non-proportional 
variables, so that we may put 


%, = Au, + BY 
we therefore have 


b= 2a Gin (AL; + Yi) (AX + Yk) 


nm 


= Diy Uy [A® &; By + Awe (i Ye + Yi Be) + PY: Yed- 
1 


1A quadratic form ¢ = aa ax Ei E,is called irreducible when the number of 
1 


_ independent variables cannot be reduced by substituting for the £’s linear com- 


binations of them. This is always so when the form is definite, as in this case the 
determinant a of the coefficients is certainly not zero (cf. § 2). N cannot therefore 
be less than n. 
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Splitting up the right-hand side into three sums, and putting 


n 


Lin Vin UL = Pre» 
1 


n n 


Dip Vin Uy Ye = Din Un Yi Cp = Pry = Bis 
Af 1 


n 


Min Vin Yi Yn = Pyys 


we have finally 


bee = ¥ Pre + 2Ap- bey ai Le? hyy- N22 56} 


This may be considered as a quadratic form in A and yp; it 
is easy to show that it is definite and positive, ie. that it is 
always greater than 0 when A and p are not zero. In fact, ¢,,, 
considered as a quadratic form in the 2z’s, is always positive, 
provided at least one of the 2’s is not zero; and this condition 
is equivalent to our hypothesis that the zs and y’s are not 
proportional. 

From (36) we therefore get 


X ben + 2AM bry + HE Pyy > 05 


whatever A and may be. 
Hence, from an ordinary property of quadratic inequalities, 
we get 
Dicer Pig Pay iS Eo caue, eeee 


which is the formula we wished to prove. 
We now return to the proposed formal extension of formula 
(8). What we have to prove is that 


n : 2 
(3. Ain x’ H) = I 
1 
™ ae 
i.e. that he (3. es ‘) > 0, 
uk 


whatever X’ and p’ may be, provided they are not proportional 
(since we exclude the obvious case where the directions coincide 
or are opposite). 

This inequality can now be proved at once. Introducing the 
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quadratic relations between the parameters, we can write it in 
the form 
n 1 n : n 2 
(3. Oty, X’ nM) (3. Dye pL H) ae (Ea diy, X' a) > 0; 
ad 
and this is merely (37), with the a’s and y’s replaced by the 2'’s 
and p'’s. 
We may therefore assume 


con = 2d, Np ee YT Ss) 
il 


and the other expressions equivalent to it will also hold good, 
namely, 


Bebo a Aes em. Ts (88!) 


= 
1 

cosa: = 2; Aa . . . ° : (38”’) 
il 
cos) = » 
1 


ike a” Xj bys Pete k OSs) 


in which the moments (cf. § 20) of one or both directions take the 
place of the corresponding parameters. 

In the provisionally excluded case of two coincident or opposite 
directions (A' = + »'), we must naturally agree that cos? = + 1. 
With this convention the four formule just given still hold 
good, the right-hand side in each case also reducing to + 1 in 
virtue of the fundamental relations 

nm n n 

Lip de AN = D;A;N = Dye" d;A, = 1 

1 bs 1 
between the parameters and moments of a single direction 
(cf. § 20). 

Now consider our V,,, immersed in a Euclidean space Sy. 
Given two directions A, pu belonging to V,,, and drawn from the 
same point, the angle between them is defined in two ways, 
since the directions A, w may be specified either by their para- 
meters d’, ’ relative to V,,, or by their parameters X’’, w’” relative 
to S,,! and formula (38) may be applied to either set. We 

1 We may note in passing that in a Euclidean space, referred to rectangular 
Cartesian co-ordinates, the parameters of a direction coincide with its moments ; 


also (as follows directly from the properties of linear orthogonal substitutions) the 
formule of covariance are identical with those of contravariance (Chap. IV, Art. 8). 
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shall call the angle calculated in the first way 9 and in the 
second 9’, and we shall show that cos? = cosd. 
Remembering that for the Cartesian co-ordinates y of Sy, 


N 
ds? has the form X dy,? we have 
v=1 
coso: —= Lisy Qik N ie 
1 
N 
Cosy == No: 
1 


Now the parameters A’”, ’” are given by the formule analogous 


to (7); (7) 


’ dy 2 Oy du; ar oy F 
Dee eV : Vv v Sap Le 
ds 1 0"; ds 1 02; j 


: éy OY, Oy 
a Le a ee 3 Vie a are 
5 és 1 0a, 8s Oe 


We have therefore 


N Nn n N 
cos?’ = x, 5 Oe OW di yk = pare aT OY, OY 


L A OC a0u, 1 1°02; 0%, 


and therefore by (35) 
cos!’ = Dy A’ wh ay, = cosd. 
1 


Q.H.D. 


Now consider two vectors R, V, whose directions are A, w 
respectively. We. can extend the definition of the scalar product 
by giving this name to the invariant 


RV -= AV cose, 


where 9 is the angle between the two directions. For each of 
the various expressions for cos? we shall get a corresponding 
expression for the scalar product by multiplying (38), (38’), 
(38”), (38’””) m turn by RV. The resulting formule are: 


RXV = 2,4, 2'V' = 2, RV, = 2; RV = Z,0" R, V,,. 
1 1 1 1 


If one of the vectors, say V, is of unit length, we shall call 
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the product R x V the projection of the vector R on the direc- 
tion determined by the unit vector V, or its component in this 
direction. . 

The orthogonality of two non-zero vectors is evidently ex- 
pressed by the vanishing of their scalar product. 

We can now make some useful remarks relating to certain 
particular directions. Let s; denote? the direction of the co- 
ordinate line @ (i.e. the unit vector in that direction, in the sense 
of the 2;s increasing); remembering that for a displacement 
along the line 2 we have dx, = 0 for r= 7 and ds = ay Aj, Ay, 
we see that the parameters s} of the direction s; are all zero 
except the ith, so that we have 


: ; 1 
B= Ot 0) 5; ee 
wR 


On the other hand, the direction n; of the normal to the co- 
ordinate hypersurface z; = constant (the normal meaning the 
direction perpendicular to any direction drawn on the hyper- 
surface) has its moments n; |; all zero except the jth. For n; must 
be perpendicular to each of the n — 1 directions s; (¢ + 7), so 
that applying formula (38’) to the values just found for the 
parameters of s; we can write : 


1 oe oe 
oe 9), 
JI w/e 
whence n,;;; = 0 fori==9. The value of m;); is therefore deter- 
mined by the quadratic identity between the moments, which 
gives 
a 1 
ii) rd le 
if we suppose that the sense of n; is that of the a,’s increasing; 
for the opposite sense the radical must have the minus sign. 
That the direction n; so defined (at a generic point) is actually 
perpendicular to any direction A (through the same point) on 
the hypersurface «, = constant, follows from the fact that for 


d ‘ie 
every such direction the parameter » is zero, and therefore 


2 7G PY a 0. 


1 The suffix 7 is not of course an index of covariance. 
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Applying the above remarks, it can at once be seen that the 
angle w,, between the co-ordinate lines 7 and k is given by the 
formula 

Wit 
cosw,, = S—=——= 


J Qi; eae 


while the angle o,, between the co-ordinate hypersurfaces x; = 
constant and x, = constant (i.e. the angle between their normals. 
n; and n,) is given by 


ik 


a 
o/, a" ate 


These formule show the real meaning of the coefficients of 
ds*, and the geometrical interpretation to be given to their 
vanishing. 

We shall now try to find the geometrical meaning of the 
covariant and contravariant components of a vector R. For 
this purpose we shall calculate the orthogonal projections of 
R on the directions s; and n;. We get for these 


COSO;,, = 


n hee 
R xX ss; = Dale, Se a Se 
1 a, 


Rx 0; = Dain (Hr 


These results show that R; and R’ represent the projections 
of the vector R on the co-ordinate direction 7 and on the normal 
to the co-ordinate hypersurface «; = constant, multiplied by 
Ja, and a respectively. 


23. Definition of geodesics. 


We shall fix any two points A, B in a generic V,, and we 
shall try to find the shortest of the lines which join A and B. 
In a certain sense this problem is analogous to that of finding 
the pomts at which a function is a maximum or minimum, the 
solution of which is of course an important application of the 
calculus. Here, however, we are not trying to find points, and 
hence the values of one (or in general of n) variables which 
satisfy the required condition; we are trying to determine a 
line, and hence, analytically, to determine the form of n functions 
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(the parametric equations of the line). The problem is therefore 
of a higher order of difficulty: while the former led to equations 
in finite terms, the latter leads to differential equations. The 
solution of this problem and of others related to it is the principal 
object of the calculus of variations. We shall recall shortly the 
fundamental idea of this calculus, which does not differ in prin- 
ciple from the idea which leads to the solution of the other more 
elementary problem of the maxima and minima of a given 
function. 

To fix the ideas, we shall suppose that there is only one 


Fig. 2 


variable. We know that if a function f(z) has a maximum or 
minimum at Zp, its differential df = f’(x))dxz is zero at that 
point (and therefore f’(z)) = 0), whatever dx may be; in other 
words, for an infinitely small displacement to left or right from 
the point x), f remains constant (except for infinitesimals of 
higher order). This can also be seen intuitively from the graphical 
representation of the function (cf. the pomts M and N in the 
diagram). The converse, however, is not true, i.e. when df = 0 
it does not necessarily follow that there is a maximum or 
minimum (cf. for instance the point P in the diagram). The 
maxima and minima must be looked for among the points where 
ae U. 

Let us now see how we can apply this method to the deter- 
mination of the shortest line joming A and B, without going 
outside a given V,, (we may think of a line drawn on a surface, 

(D 656) 10 
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ie. the case n = 2). Let g be such a line; draw a line g’, having 
the same extremities as g, and infinitely near g, but otherwise 
completely arbitrary. We can consider g’ as derived from g 
by an infinitesimal deformation, i.e. by displacing each point 
(21, %,.-- %,) of g to (x, + da,,... 2, + 6%,). Ig is the shortest 
of these lines, its length is not changed! by this deformation 
(except for infinitesimals of higher order); hence if / is the length 
of g andl + 6l that of g’, we have 


Shee O Be Lie ee ee) 


whatever g’ may be (subject only to the conditions imposed 
above), a condition analogous to the vanishing of df in the former 
case. Here too, however, it is to be noted that in general the 
condition (39) can be satisfied not only by the required line 
but also by other lines which do not give the shortest path from 
A to B. 

For instance, let A and B be on the same generator of a cylin- 
der. Then the shortest path is evidently given by the generator, 
which, as can easily be seen, satisfies (39). But all the infinite 
number of helices which pass from A to B, wrapping them- 
selves 1, 2,... times round the cylinder also satisfy the same 
equation. 

We shall call all the lines which satisfy condition (39) geodesics. 
They possess important characteristic properties, which can be 
deduced from (39); e.g. the osculating plane at any point of a 
geodesic on a surface is normal to the tangent plane to the 
surface—the property adopted in § 11 as the definition of a 
geodesic. The lines of minimum length between two given 
points must be looked for among the geodesics through the two 
points. 

This is the definition which we shall use below; but it is to 
be noted that some writers in defining geodesics start from another 
property. We could in fact show that when a point A is fixed 
on a geodesic g, then for all pomts B (on g) sufficiéntly near A, 
g is the only geodesic joming A and B, and is therefore the 
shortest line joming them. Hence we can also say that 
a geodesic is a line such that it forms: the shortest path 


1 For a more rigorous and complete discussion the reader is referred to treatises 
on analysis. 
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between any two of oo points, provided they are ¢ sufficiently close 
together. 
With this restriction the two definitions are equivalent. 


24. Differential equations of geodesics. 


We shall now examine the property, concisely expressed by 
the equation (39), that the length remains unchanged in an 
infinitesimal displacement which does not move the extremities, 
and see how to express it by means of n differential equations 
which the n functions 


G = (8) (ised 2. te, Pay) 


v 


defining the curve g must satisfy. 
Let the equations of g’ be 


x, = «;(s) + 62; ome NS Decks 2390), 


where the 52’s are to be considered as infinitesimal functions of 
s, vanishing for s = 0 and s = l, and having finite and con- 
tinuous first and second derivatives, but otherwise arbitrary. 

Take an infinitesimal segment PP, of g, of length ds; we 
have to calculate dds, i.e. the increment (or, as it is called, the 
variation) of ds in the deformation which displaces P to P’ 
and P, to P’. If dz; (i = 1, 2,...) is the difference between 
the co-ordinates of Pand of P,, the corresponding difference 
after the deformation—which we shall denote by d(x; + dz,) = 
dz, + déx;, where déz; is of course the differential of the function 
d6z—is calculated as follows: 


The co-ordinates of P’ are x; + 62,;; 
those of P are (x; + da,) + 8(a,; + dz;); 
therefore the required difference is dx, + 6da;,. 


It follows that . 
DE ECOG: 9 isle vee tiga, (40) 


a result which we shall at once make use of. 
We shall now take the expression for ds”, and calculate its 
variation, differentiating with the operator 6. We have 


2ds ° dds —= Liz, OAjx dx; dx, +2 Din dx, dda; +2 ‘ile jn, dx; bdx;,. 
1 13 
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Since the last two sums are identical, we can write this in 
the form (using equation (40) ) 


2ds . dds == Dix dain dx; ae, == 22% Bin da; dd%;,. 
1 1 


Dividing by 2ds, and denoting differentiation with respect 
to s by a dot, this gives 


dds = $2, day &; &ds + Dy, Ay, %; Uday; 
a 1 
and from this, since 
Co E al Sa 
a : k q Dp ko 
we get dds in the form 


OG; ; 
Od Saas 13, mm ao db; &, Ox, ds wees ~it Ay, &; A Xy. 


Now since the length of g is 


1= | as, 


the variation which is to be equated to 0 in (39) is 


B 
OL == 
| | das, 
B n 0 
or SPs fa : (Bu 52! a dy bn) de ote ew aah(als 
where we have put 

Bn 
I — Lig An, L; dd%;,. . ° © . (42) 

ee Awe 


We shall leave (41) aside for a moment and examine the 
possibility of transforming the integral in (42) also into a form 
which explicitly contains the arbitrary variations $x,. Integrat- 
ing by parts we get 


B Bn 
I —— | Be ‘ile Di; 50, | =e *it d (Gp &;) OD pj. 


A 
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The integrated part vanishes, since dx, = 0 at the extremities; 
differentiating the product, the other part gives 


Bn Bn 


ib = Diz, Un &; ds da, ee ‘ike dL; da, SLy- (42’) 
Al 7th 


Expanding da;,, the sum under the second integral sign may 
be written 


n 

a; 

“ike . « 
Lint ps 2; &, dx, ds, 
1 Z) 
or, interchanging 7 and I, 

n 4) 

Os a 
Dixy a tj X, OX, ds. 
1 x; 


We shall take half the sum of these two expressions to repre- 
sent the value of either. Substituting in (42’), we get 


Bn i @ ue Oa, 0a 
—— ; ite Mk %,da,ds ie (Bue a “4 a; 82, ds. 


We now return to (41) and insert in it this expression for I. 
Putting all the terms under a single integral sign, and taking 
out the common factor 6x,ds, we get 


(Bn n 0 
br == —| ee itig a Ean 


Pie Es | By ae | &; i, | dx, ds, 
zy 0x; 


~ 


or, remembering the definition of Christoffel’s symbols, 


= [3 2, [Bian za > [jl, A] a, i, | Bay ds 
Putting 
Pr — Gn L; -- *i [ yl, k] a; Ly, . . (43) 


the formula appears in the concise form 


Bn 


él — — Xn Pr 8%, ds. . . . (44) 
Al ’ 
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The result of all these calculations is that (39) can be written 
in the form 


Bn 
Ln Pr 5%, ds a 0. . . ° ° (59°) 
pion? 1 


Now since (39’) must hold however the arbitrary functions 
5x, are chosen (subject to the qualitative conditions stated above), 
we must necessarily have 


‘Pipe OR Wie ay Bee) ct sae ee one at) 


for if not, we need only take each dz, with the same sign as the 
corresponding p, (which can be done without going outside the 
conditions imposed); the sum would then certainly be positive 
at all points of the arc of integration and therefore the integral 
would not vanish. This is the fundamental argument in the 
calculus of variations; by means of it we get from (39’) (which 
is only (39) expanded) the n differential equations (45) which 
written at length are 


ay dj + Za Lj Kaye = 0 (k= 1,2...) (45!) 


It is convenient to write these equations in the form obtained 
by solving for the %’s. To do this we introduce the quantities 


p= Ea" Dy fT meee CR) 


and replace the equations (45) by the equivalent system of 
linear combinations 


or &, + Za ht Dy ese ee eee) 
These » differential equations of the second order in the n 
unknown functions 2;(s) are equivalent to equation (39) and 
are therefore the characteristic equations of a geodesic; when 
integrated, they give the parametric equations of the curve. 
By the ordinary theory of such equations, the integrals will 
contain 2n arbitrary constants, which can be determined by 
the condition that the geodesic passes through two specified 
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points, or that it starts from a given point and has a specified 
direction. , 

It may be noted that the equations (47) contain only intrinsic 
elements, as the definition of a geodesic would lead us to expect. 


25. Geodesic curvature. 


The discussion in the preceding section provides us with an 
opening for the introduction of an illuminating and _ fertile 
geometrical notion relating to any curve gz, = 2,(s) in 
our J,,. 

We must first show that the quantities , defined by (43), 
corresponding to a generic curve x; = 2,(s), are covariant (and 
in consequence the p’’s are contravariant), so that we shall 
naturally associate with every point of the curve / (which is 
_@ priori any curve whatever) the vector p of which they are the 
components. Suppose then that we pass by any transformation 
from the variables x to new variables #, and let p, represent the 
values of the p,’s calculated in the new system. We get from 
(44), through the invariance of 61, 


‘Bn 


Ae —| >, 7,54, ds, 
Ad : 
and therefore 


Born n 
0= | Xi Pr 8Z, — Dy Py 9%, | As. 
| ge a 


By a similar argument to that used in passing from (39’) to 
(45) we deduce from this that at every point of / we must have 


a Py 8L, — > Pp dX, = 9, 
which expresses the invariance of 
me Pr OX, 
(a linear form in the arbitrary contravariant variables 6,) and 
therefore the covariance of the p,’s. It follows from (46) that 
the reciprocal contravariant system consists of the p'’s, i.e. of 


the left-hand side of equations (47). 
We shall use the term geodesic curvature of the curve / at 
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any point on / to denote the vector p whose covariant components 
are defined by (43), its contravariant components being in con- 
sequence defined by (46), or by : 


p = L; -- Diy { jl, i} tL; Ly (2 — Ls 2, cee n).. (43’) 
1 : 


An immediate corollary is that the geodesics are the lines whose 
geodesic curvature is everywhere zero. 

More generally we have for the length of the vector p an 
important property, pointed out by Lipka,! which we shall 
merely state without proof: The absolute value of the geodesic 
curvature is represented, as in ordinary space, by the ratio between 
the angle of contingence and the elementary arc, where the angle 
of contingence is defined as the angle, at one extremity of the 
arc, between the tangent at that poimt and the parallel to the 
tangential direction at the other extremity. 

Another important property is that the geodesic curvature is 
normal to the curve, which is equivalent to saying that 

nv 
2 Pr ip 20 Fd a ee ee) 
since the parameters of the tangent to the curve are the Z;,’s. 
To prove this, take the identity 


n 
Dix Uy Ly u; = 1 
1 


(obtained by dividing (32) by ds”) and differentiate it with respect 
to s. We get 


n n 
22 4, Ay Ly, v; -+ Di. Qe; Vp v; = 0, 
1 1 


n n 
a: price 
or QDip My Ly, Ej + Diy —” TH jt, = O, 
1 J 0X, 


and therefore, by (24’), 
ae Uy Ly au; atic >in [ yl, k] Ty o; Ly =i *ind [Al, jl Wy, v; Ly = 0. 


1 “Sulla curvatura geodetica delle linee appartenenti ad una variéta qualunque” 


in Rend. della R. Acc. dei Linceti, Vol. XX XI (1st half-year, 1922), pp. 353-356. 
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Interchanging */ and 9, we see that the third sum is the same 

as the second; hence, taking out the factor 2, we have 
2k Ay; Ly Gi + 2a [7l, k] &, £;% = 0. 

This is merely (48), with p, replaced by its value as given by 
(43); hence the assertion made above is proved. 

In ordinary space, as will at once be seen, the geodesic curva- 
ture coincides in direction with the principal normal, and in 
magnitude with the flexion or principal curvature of the curve. 


26. Extension of the notion of parallelism. Bianchi’s derived 
vectors. 


We propose next to extend to a V,, the notion of parallelism 
or, more generally, of equipollence defined above for a Vy. 

In this case we have no criterion analogous to that used for 
the V,, as in general the circumscribed developable which formed 
the starting-point of the former argument does not exist. 

The differential law of parallelism, however, expressed by 
the symbolic equation (19), can be immediately adapted to the 
case of aV,,. To do so, consider a vector R drawn from a point 
P of V,,, and let R + dR denote the equipollent vector drawn 
from a point P, of V,,, very near to P. We can think of the V,, 
and therefore of the vectors R, R+ dR, as immersed in a 
Euclidean space S,, where WN is a sufficiently large integer; we 
can therefore define the vectors R, R + dR, not only by their 
(covariant or contravariant) components with respect to V,,, 
but also by their components Y,, Y,+ dY, (v= 1, 2,...N) 
with respect to a system of Cartesian co-ordinates y,, Y,..- Yy 
in S,. Now consider an arbitrary infinitesimal displacement 
6P, contained in V,, and drawn from P; it can be specified either 


intrinsically, by means of the 6z;s (« = 1, 2,...), or with 
reference to Cartesian co-ordinates by means of the dy,’s (v= 1, 
2,...N); but_it is to be noted that while the first set are 


arbitrary the second are not, on account of the equations (§ 21) 
which define the y’s as functions of the 2’s. We can also say, 
in geometrical language, that the displacement must satisfy the 
condition of being tangential, i.e. of belonging toV,. We shall 
define the vector dR, and therefore the parallel displacement, 
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by means of the symbolic equation (19), which can be expanded 
(§ 14) into the form, analogous to (19’): 


N 
Ss dy ,0= One (ade eo) 
it 


which holds for all displacements satisfying the given condition. 
The only difference between formula (49) and (19’), which 
defines parallelism with respect to a surface, is that the sum- 
mation for v is from 1 to N, instead of from 1 to 3. All successive 
steps in the calculation follow automatically as in § 15. 
We shall first write the equation in terms of the 6z’s by put- 
ting 
NV n 
dR oP == hd Yotye 9a 7 0t, eoe) 
iu # 


after transformations analogous to those formerly used, we find 
for the 7’s the expressions 


Th — xj A; dR! ++ 2 [yl, k] Ri dx, (k — Ke 2, a hones) n), (51) 
1 


an obvious generalization of formula (21’’). Evidently, in view 
of the identity (50), we are here dealing with covariant expres- 
sions (with respect to any transformations of the z’s). The 
reciprocal system 


7 — Dy, a 7, 
1 
can also be expressed in the form 
7 = dR’ + 2% 19h, i} Rida, ~ -G =, 2... mp Or) 
1 


in complete analogy to (21’”). 
From (49) and (50) we finally reach the intrinsic equations of 
parallelism: 
m= 0 (eS 12 a: 


these are equivalent to 7’ = 0, or to 


dR’ + Xy{ jl, i} Roda = 0 (@=—1,2,...m), (62) 
1 


which define the increments dR’ of the contravariant components 
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of a vector R for a displacement parallel with respect to V,, 
from P (of co-ordinates x) to P, (of co-ordinates x + dz). 

For the covariant components we find, as in § 17, the equi- 
valent equations ; 


dR; = By (il, j} Bde (@ =-1, 2,.. n> * (62) 
1 : 


This equation and (52) alike show that parallel displacement 
is an intrinsic operation with respect to the metric of V,,. This 
was not a priori evident from the geometrical definition we 
adopted, which is expressed in formula (49), involving the use of 
a surrounding space S,. 

The equations (52) and (52’) are, so to speak, identical with 
the equations (23) and (27) which hold for a V,, the only differ- 
ence being in the number of dimensions. It is of course under- 
stood that { jl, i} and {d, j} denote Christoffel’s symbols of the 
second kind constructed with the ds? of V,,. 

All the properties deduced from the equations of parallelism 
with respect to a surface can be extended without difficulty to 
parallelism in V,,; in particular, the properties that parallel dis- 
placement along any finite curve whatever is always possible, and 
in only one way, and that parallel displacement leaves unchanged 
the scalar product of two vectors, and therefore lengths and 
angles. We shall show in the following section that we can also 
extend the property of autoparallelism of geodesics, which we 
proved geometrically in the case of surfaces. 

We may also call attention here to the notion due to Bianchi 4 
of the derivative of a generic vector R along a curve T, R being 
a function of the points of 7. If the vectors R(s) at various 
points of T are not parallel along 7, the contravariant simple 
system 7’, defined by (51’), is not identically zero. Accordingly 
the quantities 

(bey = 2 = 1 5,91, 1) 
1 


Tyee 
ima oe ed a a 


may be considered as contravariant components of a non-zero 


vector DR which is also a function of the points of T. The 


1Cf, “Sul parallelismo vincolato di Levi-Civita nella metrica degli spazi curvi’”’, 
in Rend. della R. Acc. di Napoli, Vol. XXVIII, 1922, pp. 150-171. 
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vector DR has been called by Bianchi associated, and its direc- 
tion and length the direction and curvature associated point 
by point with the vector R(s). We prefer, however, the quali- 
fication derived, because in Euclidean spaces DR is precisely 
the vector commonly known as the derivative of R with 
respect to the arc s of T. In fact, if we assume Cartesian 
co-ordinates, the Christoffel’s symbols vanish, and the pre- 
ceding expressions for the (ordinary) components of (DR)’ 
dk 

s 

Returning to a general manifold V,,, if R(s) reduces to the 
versor which is tangential to the curve 7, i.e. m particular 
CE iets = = &@, we find that we are again dealing with 
the vector p of geodesic curvature considered in the preceding 
section. 

It can be shown that in every case DR (if not zero) is perpen- 
dicular to R, and that it has other interesting properties demon- 
strated by Bianchi. For further details the reader is referred 
to the paper just cited in the footnote, or to the Appendix to 
Vol. II of the same writer’s Lezioni di geometria differenziale.* 


a 


reduce to 


27. Autoparallelism of geodesics. 


Analytically we may derive this property from the equations 
of parallelism by using the differential equations found above 
for geodesics. 

Let A denote a unit vector defined at all points of rine geodesic 
under consideration and having everywhere the same direction 
as the geodesic. We shall show that ~ may be considered as 
undergoing a parallel displacement along the geodesic. 

Let its parameters be \’. From the definition of these para- 


meters, and using the parametric equations x; = 2;(s) of the 
geodesic in question, we plainly have 
weer ae 
a, ds — i 
and therefore dx : 
Ek d,. 


1 Second edition. Bologna, Zanichelli, 1923. 
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Now the #’s and the #’s are connected by the equations 
(47) (the characteristic equations of the geodesics). Substituting 


X' and . for @; and «,, these become 
S 


eat 2s S «ge: 
icrieg sae Sn { ls a} A ipa. 0). x5 26(B8) 
or multiplying by ds, 
p ds oo dx + Diz { jl, i} rN dx, == 0, 
1 


which are the equations expressing the parallel displacement of 
the vector A. 

It is worth noting that a comparison of (51’) and (53) shows 
that the quantities p' ds are a particular case of ther'’s, the generic 
vector R being replaced by the unit vector A of contravariant 
components z; There follows immediately the contravariance 
of the quantities p’, or, which comes to the same thing, the co- 
variance of the quantities p;, which we proved directly in § 25. 


28. Remarks on the case of an indefinite ds”. 


We agreed (§ 20) to say that an n-dimensional V,, is metrically 
defined when there is associated with it a differential quadratic 
form, with real coefficients az, 


n 
fp = Lz, dy, dx; Ixy. 
1 


We then introduced the hypothesis that ¢ is definite and posi- 
tive, and this is the only case we have considered in the fore- 
going sections. We now propose to make some remarks on the 
case in which ¢ is still supposed irreducible (or such that its dis- 
criminant a@ is not zero), but is no longer definite, being capable 
of taking positive values for certain sets of differentials da; and 
negative values for certain others. 

In this case also, fixing a generic point P of co-ordinates 
zg, and an infinitely near point P’ of co-ordinates 7; + da;, we 
put 


ds” = $ = pa Qin dx; dz;,, ° . ° (54) 
1 
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and we shall call ds? (which can now be positive, negative, or 
zero) the square of the line element (the distance), or better the 
interval between the two points P and P’. 

Among the 0” (real) systems of differentials dx, or, as we shall 
say, considering only ratios, among the «”~' directions drawn 
from P, there are 0”~*® which satisfy the quadratic equation 


i= 0. + chedsarieshes 


For a moment we shall interpret the differentials dz; as 
referring to Cartesian co-ordinates with origin P. Then the 
directions just defined, which are said to be of zero interval, 
constitute a quadric cone of vertex P. This cone divides the 
sheaf of directions drawn from P into two regions, in one of 
which 

ds? >0, 2 Pile ee C8} 
and in the other 
dS 0S The ian 2 Sane oe 


All the directions in the first region are said to be of the first 
kind or tumelike (the term being suggested by the interpretation 
given to these symbols in the theory of relativity); those in the 
second region are said to be of the second kind or spacelike. The 
parameters of a direction of either kind are defined by the for- 
mule 
j dx; : ¢ 
Ls Saat C= Af 2) en) Ara tS) 
there is no analogous result for the directions of zero interval 
corresponding to which ds? = 0. 

For timelike directions ds? > 0; hence, if ds denotes the 
arithmetic value of the square root of ds?, we have | ds| = ds, 
and the argument is exactly as it was for the definite quadric. 


For spacelike directions, on the contrary, we have 
n 
eS oe 
| ds | ee) ei ay ds 5 pea ain O70 dx; Ady, 
1 


so that the quadratic identity satisfied by the parameters 2’ 
is 
pape Qik ne Ne NS aes I. . . . ° (59) 


1 
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with —1 on the right, instead of +1 as for the timelike direc- 
tions. 

Granted these results, the systematic extension of the pre- 
ceding sections to the indefinite case would certainly not seem 
likely to be difficult. As we are not aware that this has yet been 
done exhaustively, the reader’s attention may be called to it. 
We propose merely to point out an essential fact, almost evident 
a priori and often used in the theory of relativity; namely, that 
the definitions, geometrical representations, and formule in the 
foregoing sections can certainly be carried over and applied to 
the indefinite case, provided (a) that we take account of the 
exceptional behaviour of the directions of zero interval, and 
(6) that we make the obvious formal modifications necessitated 
by (59) when we have to deal with spacelike directions. 

We leave the matter here,’ with two examples to conclude 
the discussion: 

(1) The condition that two directions, whether timelike or 
spacelike, of parameters 2’, y’, may be orthogonal is in every 
case expressed by the equation 

Dagig Aw o_O. 
1 

(2) If we consider only lines wholly composed of timelike 
elements (ds? > 0), the discussion in § 24 holds without modi- 
fication, and we reach the same equations (47) of the geodesics. 


1See Chapter XI. 
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CHAPTER VI 


CovARIANT DIFFERENTIATION; INVARIANTS AND DIFFERENTIAL. 
PARAMETERS; LocaLLy GEODESIC CO-ORDINATES 


1. Covariant differentiation. 


Returning to the remarks made at the end of Chapter IV, 
we now propose to generalize the operation of differentiation by 
substituting for the ordinary derivatives of the elements of a 
tensor certain linear combinations of these derivatives and of 
the elements of the given system, which will in their turn con- 
stitute a mixed (or in particular, covariant) system with one 
index of covariance more than the given system. Explicitly, if 


hy... hy @ : . : 
A,''"'," is the given generic system whose elements are functions 


of the z’s or, in geometrical terms, functions of position, we shall 


Big cant 


h a a 
* where J is a new index of 


deduce from it another system 4," "' ;",, 


hy... hy 

covariance, which reduces to the system ——"~~" in the particular 
case when the co-ordinates are Cartesian. 2 

To simplify the formule, we shall consider first a mixed system 
Ai with a single index 7 of covariance and a single index h of 
contravariance. 

Fixing our attention on a specific point of V, (i.e. ignoring 
the fact that the A’s are defined as functions of position), we 


know that the law of transformation of the functions A? for 
144 
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a change of variables is defined by the invariance of the form 
F = Lys, A® Eu, ° ° ° ° (1) 
1 


in which the €'’s constitute a generic contravariant system, or, 
im other words, are the contravariant components of a generic 
vector §; similarly the w,’s can be considered as the covariant 
components of a generic vector u. 

Now, since a set of values of the A”’s is associated with 
every point of V,,, we can at every point choose two arbitrary 
vectors &, u, and construct an invariant form with them and 
the A’s. 

Suppose this choice made at an arbitrary but determined 
poimt P, and consider also a generic point P, infinitely near to 
P. We shall agree to take for § and u at P, the vectors parallel 
to those chosen at P; as the displacement is infinitesimal, the 
curve of displacement is immaterial: We shall use the operator 
5 to denote in general the increment of a quantity in passing 
from P to P,, and we propose to calculate 6F. Differentiating 
(1) with the operator 6, we have 


SF = Sin {At Au, + APSE um, + APE Su}. 
a 


Now, by the convention just adopted as to the vectors § 
and u, the differentials 5€’ and dw, must be calculated by the 
formule of parallelism ( (52) and (52’) of Chapter V), while 
5A} is given by the usual rule of differentiation 

n h 
SAP =e Shea: dX), 
1 0 


Ly 


the A’s being by hypothesis functions of position. Using these 
results, we have 


n h | n G2 ‘ 
OF = Yay a EU, 84, — Ling A} { jl, a} Uy, & day 
1 CE, 1 
+ Ying A} {H, j} &' uj 8a). 
i 
Interchanging 7 and j in the second sum and h and 9 in the 


third, so as to get the factor é’~, 5, in all three sums, and 
(D 655 ) 1G 
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collecting all the terms under a single summation sign, we have 


ee ee i 
ld Eaul ae &, A} {al, 9} +B; 44 { jl, ny |é Up, 8%. (2) 
il Ly 1 1 

Now the left-hand side of this equation is invariant on account 
of its meaning, while €', 52,, u, are arbitrary contravariant or 
covariant systems; hence the coefficients of this form (the expres- 
sion in square brackets) constitute by definition a system which 
is covariant with respect to 7 and / and contravariant with respect 
to h. We can therefore put 


_ 2A} 


A’), = 
( id 0a, 


— SAR {il J} + EAH D}. . Q) 


This system is called the covariant derwatwe of the system 
A, It is sometimes denoted by the symbol A/,,, and also, when 
no ambiguity is possible, simply by A%. 

It is obvious that in Cartesian co-ordinates (which exist when 
we are dealing with Huclidean forms; cf. § 21 of the preceding 
chapter) the system reduces to that of ordinary derivatives. 

The method used above can be applied, mutatis mutandis, 
to a generic mixed system. We shall always get for 6F (as follows 
at once on carrying out the necessary operations) a multilinear 
form whose coefficients we shall define as elements of the co- 
variant derived system. These coefficients consist of a first 
term which is the ordinary derivative, followed by as many 
terms preceded by the minus sign as there are indices of co- 
variance of the given system, and as many terms preceded by 
the plus sign as there are indices of contravariance. If we denote 
by (2) the aggregate of indices 7, .. .7,, and by (h) the aggregate 
h,...h,, the general formula is? 

0 A® m n h 
a0 gas pag” 


Toe, es steed Seen tn 


{i,l, 9 


(4) 
Pepe iba ictal On ur iinet cub Gla 
ar *, 25 A. ‘ od “gl h,}- 


1Cf. A. Patatini: “Sui fondamenti del Calcolo Differenziale assoluto”, in 
Rend. del Circolo Mat. di Palermo, Vol. XLIII, 1919, pp. 192-202. Another 
vectorial illustration of covariant differentiation was given by the late Prof. 
HESSENBERG in his paper “ Vektorielle Begriindung der Differentialgeometrie”’, in 
Math, Ann., Vol. 78, 1917, pp. 187-217. 
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2. Particular cases. 


Consider first a covariant simple system A;, which we can 
always interpret as consisting of the covariant components 
(moments) of a vector A. In this case the terms contributed by 
the indices of contravariance are absent, and (4) (or (3) ) gives 


GAs 
A; = — — >) l arene ie 
a(t 02  {a, jtA (5) 


It is easy to see that this double system is not in general 
symmetrical; from (5) however we get at once the important 
relation 
0A; 0A, 


3 6 
Cte". Cx; 6) 


Aj), and Aj): — 


The vanishing of the covariant derivative A;,, has a simple 
geometrical significance. In this case, multiplying (5) by dz,, we 
have 


sda = — By {il, 9} A; da; 


comparing this with equation (52’) of the preceding chapter, in 
which we suppose all the dz’s to vanish except the lth, we see 
that it expresses the fact that the vector A undergoes a parallel 
displacement along the line 1. 

Analogously, for the derivatives of a contravariant simple 
system A’, we have 


Ai, = ce + 3A ih og baskeers (6) 


Next, consider a system of order zero, i.e. an invariant f. In 
this case (4) becomes 


Poses ee Nad He (7) 


or the covariant and the ordinary derivatives are identical. If we 
construct the system of covariant second derivatives, applying 
formule (5) to (7), we shall have 


Bp A Aone 
eet eat sc (8) 
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these are not the same as the ordinary second derivatives but, 
like them, are symmetrical. 
For a covariant double tensor (4) becomes 
0A 


Ly, 1 1 


and for a contravariant double tensor it becomes 


"Da RaS OE van Sig, ee eee 
ia + 24d i} A* + 21d ky} A% — (9') 


3. Ricci’s lemma. 


If formula (9) is applied to the system of the coefficients 
of ds?, we get, remembering the expression for the derivatives 
of these coefficients in terms of Christoffel’s symbols (Chap. V, 
§ 16), 

Oni = 0 (t= 1,2,...n). . (10) 


This important theorem, that the covariant derwatives of the 
coefficients a; are zero, can be proved directly from the definition 
of covariant differentiation. To do so, we must choose two 
arbitrary vectors §, n, and construct the expression 


n 
= vente 
PF a aS > 
il 


we then calculate 6F corresponding to a parallel displacement 
of the vectors §, n, and we shall get a trilinear form in €*, »*, 5a, 
whose coefficients, by definition, will give the required derived 
system. 

Now F is merely the scalar product of the vectors § and », 
which, as we know, is not changed by a parallel displacement; 
hence we shall have 6F = 0 for any values whatever of &, », 
and 62’s, which means that all the coefficients of this form vanish 
identically. 

Similarly we can show that the covariant derivatives of the 
reciprocals a” vanish; in this case we have to use the expression 


nr 


3 ake 
Ee 3 ae, 
1 
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which is again the scalar product of the (arbitrary) vectors 
u and v. 


4. Contravariant differentiation. 


There is in the absolute differential calculus a kind of law 
of reciprocity or duality in accordance with which we can deduce 
from every theorem or formula a reciprocal theorem or formula, 
by interchanging the words covariant and contravariant, and 
lowering or raising the indices. We have already had several 
examples of this; we shall now make some brief remarks on the 
operation of contravariant differentiation, which corresponds to 
that of covariant differentiation just described. 

The shortest way to deduce from a system fa the system 
s which has the properties reciprocal to those of the co- 
variant derivatives, is to find the covariant derivative of the 
given system and then compound it with the system of the a”’s; 
i.e. to make 

(yk 


(A) 
Aw 


n 

& kl 

—— x} ae Avr 
1 


We could find for this system an expression analogous to 
(4) and properties corresponding exactly to those of the covariant 
derivatives; or we could find these properties directly from those 
of the covariant derivatives, by using the foregoing formula of 
definition. We shall therefore not pursue the argument in detail, 
and shall instead resume our discussion of the fundamental 
properties of covariant differentiation. 


5. Conservation of the rules of the ordinary differential 
calculus. 
First, consider a tensor, in general mixed, which is the sum 
of two others of the same rank and species, Le. 
(h) (h) (h) 
Ay = Bu + %. 
It will at once be seen that the covariant derivative of the 
system A is obtained, like an ordinary derivative, by adding 
together that of B and that of C, or 


(h) (h) (h) 
Avi — Boi aa Cot . . . . (11) 
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This formula follows either from the linearity of (4), or from 
the consideration that the form F relative to A is the sum of a 
form relative to B and a form relative to C, so that a similar 
result Holds for 6f; the coefficients of the latter expression 
(which are by definition the derivatives Ay) will therefore be 
the sums of the corresponding coefficients of the other two 

(which are by definition the derivatives les and C Na The 
“reasoning can be extended without difficulty to a sum of any 
number of terms. 

Next, consider the derivative of a product. If ie On are 
two generic tensors, we shall denote their product by 

Ay = Boy «Ow, 
where the symbol (z) stands for the aggregate of the indices. 
(c’) and (2”) together, and similarly for (h). We shall show that. 


(h) (h') (hi) (h') (h’’) 
Avi = Bayi . Ce — Buy ° Cut: . . (12) 


To simplify the formule we shall suppose that the systems 
A and B have each only one index of covariance and one of 
contravariance. We know (Chapter IV, § 8) that if 
$= DB; eu, 
= » e. n Onn 
are the invariant forms for the systems B and C, that for the 
system A is 
H == dd. 


We shall therefore have 
SF = $d$+ $4, 


and equating the coefficients of €' 7" u,v, a, on both sides 
of this equation we get equation (12) (for the particular case 
considered). 

Now consider the derivative of a compounded mixed system 
(Chapter IV, §§ 9, 10) 


(hk) Ke (h')(s) _\(h")(r) 
Ao = Ho) Baya Seno, + + + (18) 
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where (¢) and (h) have the meanings already explained, and 
(r) and (s) denote the aggregate of all the indices affected by the 
process of contraction. We shall show that 


(h) = (8) YR) (h') (8) hn’) 
Ann = An | Bis Cen@ + Bey Sen] (4) 


In particular, if each aggregate reduces to a single index 
and if the process of contraction is applied only to one index, 
(13) becomes 


A SBE OT ier a (18) 
1 
and (14) becomes 
AM =r a [Bin Cr a Bi, O'r]. s) 3 (14’) 


We shall give the proof for this simpler case, merely point- 
ing out that it can be immediately extended to the general 
case. 

We start from the invariant forms relative to the systems 
Band C 


nv 
ea ho ¢t r 
?. -— Linr Bi, € Up, AG 
1 
n Ie P 
b, = Ling Ci 9! U Anes 
1 


where we have followed the same procedure as in Chapter IV, 
§ 9, and introduced a set of m contravariant systems 27 
(a = 1, 2,... mn) and the associated reciprocal set. The 
invariant form 


F = X44, 
1 


has the A’s as coefficients, as we saw in Chapter IV. 
Applying the symbol of operation 6 to this we get 


SF = 5, [v, 8b. + 6, 5,], 


and equating the coefficients of €'n/ u,v, 52, on both sides of 
this equation, we get (14’). 
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To sum up, we have shown that the fundamental rules of 
ordinary differentiation hold good for covariant differentiation. 
6. Applications. 


We note first of all that if we start from a generic simple 
system (a function of position), say a covariant system V,,, 
and consider its reciprocal V', we have by definition 


n 
V' a2 dy an Vis 
i 
hence, taking the covariant derivative and using Ricci’s lemma, 
Vi, SS za" Vie . . . “es (15) 


We shall next calculate the covariant derivative of the scalar 
product X of two vectors, which, as we know already, is identical 
with the ordinary derivative. 

Let U, V, be two generic vectors, and put 


1 


Taking the covariant derivative, we have 


Xx, T= x; [Vin v' == U; Vii]. 


1 


In the second term on the right we can replace Vj, by the 
expression for it in (15), so that 


n n n 
yj U; Vin = ae ot U; Viet = Day Uk Vie 
1 1 1 
Changing & into 7, and substituting in X,, we get the formula 


Xj = BU UVa eee LO) 


which is often used. 
In particular, if V = U, we have X — U?, and therefore 


Xj = 2Uee= = 2d); U' U5). . . (16’) 
1 
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7. Divergence of a vector and of a double tensor. A, of 
an invariant. 


Take a covariant simple system X,, which we can always 
think of as the aggregate of the components of a vector X, and 
construct the invariant 


© = Ly a! Xip . ° ° . . (17) 
1 


where the terms X;,, denote covariant derivatives. In the 
particular case of the fundamental form being Euclidean, we 
have a” = 8}, and also the covariant and ordinary derivatives 
are identical; hence in this case (17) becomes 

n OX, 


sep S BE SES 
> 1 02, 


In three dimensions this expression is called the divergence 
of the vector X. We shall extend the use of this term to the 
general case (17). 

We can transform (17) a means of (15). Writing X instead 
of V, (15) becomes, for 1] = 2, 


n 
ee ile 
aa dy, @ Xie 
1 


Summing with respect to 7, the right-hand side gives ©, 
as can be seen at once from (17) by putting / instead of & and 
then interchanging / and 7. Hence we have 


Bee ee ay 
1 


From the general rule for covariant differentiation, or more 
specifically from (5’), we have 

i ee 

fea 


3 {i a} X?. 


Now sum with respect to 7. Substituting from (17’) on the 
left, and from the identity 


n 
x 
1 


ist ria om 
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(cf. formula (26) im the preceding chapter) on the right, and 
writing | as the index of summation on the right instead of 2 
and j, we get 

SI x’) 

ri 0%, Ja 0% 


y 
iE 
or, taking the factor 1 outside the summation sign, 
(Sa Xi)” peer gaa) 


This expression for the divergence is completely equivalent 
to the formule (17) and (17’); it is more useful for purposes of 
calculation, while (17) and (17’) on the contrary are more suited 
to theoretical discussions. 

In particular, consider the case where the vector in question 
is the gradzent of an invariant u, 1.e. where 


In this case the divergence is denoted by the symbol A,u 
and is called the second differential parameter of the function u; 
the expression for it can be deduced at once from (17) or from 
(17”), using in the calculations the fact that 


i oe git Ou 
1 OU; 
We thus get 
es I eARo a 
Ne 2a ou, = ae =a oe (Ja Ue oe ate CES) 


both these expressions being generalizations of the ordinary 
expression for A, in Cartesian co-ordinates. 

Next, take a contravariant double tensor X”. We note 
first of all that 1f instead the given tensor were covariant (X,,) 
or mixed (X‘), we could always compound it with the a”’s and 
so obtain an associated tensor in which both indices are indices 
of contravariance; so that the choice of a contravariant tensor 
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does not really constitute a restriction. From this tensor, taking 
the covariant derivative and applying the process of contraction, 
we get the contravariant simple system 


Paar Ames nA? Race pall) 
1 


which, by an obvious analogy with the former case, is called the 
divergence of the given double tensor. If the process of contraction 
were applied to the first mstead of to the second index, we 
should plainly get a contravariant system 


n % 

2, X fis 

1 
in general this is distinct from the divergence Y', coinciding with 
it only in the particular case when the given tensor X"* is sym- 
metrical. Vice versa, if X,, is the system reciprocal to X” (the 


indices corresponding in the order written), we see at once from 
the rules in § 5 that the system 


vr 
at kl 
Y;, = ya Xx 1 
di 


is merely the covariant system reciprocal to (19). Returning 
to (19), it should be added that the expression on the right 
cannot in general be transformed (as was done for the ordinary 
divergence (17) ) into an expression which is convenient for 
actual calculations. In the case of an antisymmetrical tensor 
(x* + X” — 0), however, the analogy in this respect is per- 
fect. In fact, if we substitute in (19) the values of Xj", given 
by (9’), the second term on the right vanishes from the anti- 
symmetry of the X’s, while the other two give 


From this expression, by the same method as that just used 
to pass from (17’) to (17”), we get the equation 
n ny Vik 
eel 3, vax ) 


a 1 OL, 


(19’) 
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8. Some laws of transformation. «-systems. Vector product. 
Extension of a field. 
Consider a set of n covariant simple systems A,,; (where 


a is the ordinal number of the system and 7 the index of 
covariance) and the determinant of the set 


V i | rai | 
Changing the co-ordinates from the «’s to another set of 
variables Z, the systems A,;; are transformed (in accordance 


with the law of covariance) into another set of systems 4,); 
Construct the determinant of these new quantities 


V = [Aye 
We shall show that the relation between V and Y is 
Ves Vice: on oa arene 


where D denotes the Jacobian determinant of the transformation, 


1... 
p= (Gas) 
Ly Ls ee Ly 
which is of course not zero, it being always supposed that we are 
using a reversible transformation (Chapter I). The relation (20) 


can be verified at once if we construct the product by rows of 
the two determinants on the right, viz. 


Ay AxI2 CGS din A ann 


X31 XzI9 oe datn oti, 0 iy eee Op 


Ci Oe 0”, 
rn Antje B02 Nats —* = Si tome —" 
OL, OZ, OL, 


Recalling (Chapter IV, § 11) that 


= . Ox; 
Ag) oe eee ee 
a. a rr ALE (21) 
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we see at once that the elements of the product determinant are 


precisely the quantities dali 
It is also useful to examine the behaviour of the discriminant 


a = || A || 


of the fundamental form when we change from the variables 
x to the variables Z For this purpose, we take the trans- 
formation law of the coefficients a,, (Chapter IV, § 12), 


= ik Ou; Ox 
a; ore »S a sass) ais 
‘ Rs ” Og. 02, 
uttin is 0x 
Pp s Dix = xy, Ah aoe . . . = . (22) 
we can write this law in the form 
5 be Oa; 
ay, = a Dix a, 


This law, which is completely analogous to (21), enables us 
to conclude at once, from the example of the preceding case, 
that the relation between @ and the determinant b of the quan- 
tities b;, is analogous to (20), i.e. that 


Pah) ae Boe elie ge ws(23) 


Further, as (22) is of the same type as (21), the determimant 
6 will be connected with a by the relation 


pe aD, 


which, combined with (23), gives us the required relation between 


a and a, namely, 
Gia Oe ee See age (24) 


It follows from (20) and (24) that the ratio Ne is an absolute 
invariant, i.e. that Ja 
VurreV 
Vi Va 
Strictly speaking, this equality holds except for sign; but if 
we agree to change the sign of the radical when a transformation 
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is made for which D is negative, it holds in sign as well as in 
numerical value. 

The remark just made leads us to define a particularly useful 
tensor whose elements can be expressed in a very simple form. 


In fact, we note that the quantity Je which we have just 
a 


seen to be invariant, is merely a multilinear form in the n sets 
of variables 4,),; this is seen at once by expanding the deter- 
minant V in the usual way, as the sum of products of its elements 
n at a time, where no product contains two elements from the 
same row or column, and with the usual rule as to sign. We 
may write the result in the form 


V 1 YN ’ 

ae —-s fis Si oe ie aap eens . (25) 
where the symbol S denotes the sum of all the possible pro- 
ducts, subject to the conventions stated as to their structure 
and sign. Since this form is invariant, its coefficients constitute 
a contravariant system. If we put <'®--™ for the coefficient of 


the product Ajj; Agi, -- - Anji,» We see at once that we have: 
ei — 0 if at least two of the indices 2,7... %, are 
equal; 
e12---m — _—_ if these indices are all different and con- 


Ja 


stitute a permutation of even order with respect to the 
fundamental permutation 1, 2,... n; 


(GpEMACD CANE ee, Fi if the indices are all different and constitute 
a 


a permutation of odd order. 


Hence it follows that the system of order n whose elements 


1 : : : 
are 0, —., — Te respectively according to the rules just stated, 
a a 


is contravariant; we shall call it the contravariant ¢-system. 
We can give an analogous definition of the covariant «-system 
by considering the determinant (reciprocal to V) 


VStar 
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constructed from the reciprocal elements of the systems A,),; in 
the determinant V; these elements, as we know from Chapter 
TV, §6, constitute a set of n contravariant simple systems. By 
a well-known theorem, which can at once be verified, we have 


WA 1: 


hence the quantity ~/aA (the reciprocal of as) will be invariant. 
a 


Expanding the determinant A, this can be written in the form 
JOS. ig EAA A, 


where the symbol S as before denotes the sum for all per- 
mutations of the indices 7. 

It follows that the system whose elements ¢;;,___;, are zero 
if the indices 7, 7... . 4%, are not all different, and are equal to 
/a or —/a if the indices are all different according as the per- 
mutation 7, %).. . 7, 18 of even or odd order, is covariant. 

The use of the same letter « for both is justified by the fact 
that this covariant system is the reciprocal of the former system. 
This statement can easily be verified by the reader.! 

By means of the e-systems, when » — 1 vectors v, (a = 1, 
2,...n— 1) are given, we can deduce from them (by invariant 
processes) an nth vector w, which is called their vector product, 
as in three-dimensional Euclidean space it is identical with the 
ordinary vector product. If v! and 0: (2 = 1, 2,... ) denote 
the contravariant and covariant components of the n — 1 given 
vectors, the formule 
4, ty in-1 


Wi = Aig... in Sip... Uy Mg 2 + Uy 


vs b iy ty... n= 
UE ie a ge eg ED Oy Vag onan af ind 

define two reciprocal systems, as can easily be verified; hence 
either separately defines the same vector, which we call w. 
When n = 3 and the space is Euclidean the components of w 


do in fact reduce to those of the ordinary vector product. 
1 For this and other properties of the e-systems, cf. an interesting note by 


Lieka: “Sui sistemi # nel calcolo differenziale assoluto”, in Rend. della R. Ace. 
dei Lincei, Vol. XX XI (first half-year, 1922), pp, 242-245. 
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In any case it follows from the preceding definition of the 
components w; (or w') that w = 0 if the vectors v, are not all | 
linearly independent, i.e. if the characteristic of the matrix com- 
posed of their components < » — 1; when they are independent, 
w + 0 and is perpendicular to every v,. The latter property 
follows from the consideration of a generic vector product w X vV,- 
Taking, say, the first group of formule, we have 


€; UU; we 


q te n-1 4 
4 ty ye ein=T “1 2 


nv n 
WX Vv, = 2, 0,0, = ug tite, Bk 
i 1 
which is zero from the definition of the e-system, or, in other 
words, because the sum is the expansion of a determinant with 

two rows the same. 

Lastly, we wish to introduce into the metric of a V,, the 
notion of the extension of a field, i.e. to define, for a given field 
of V,, a quantity V analogous to the area of a portion of a 
surface or to the volume of a three-dimensional field. Evidently 
we have a priori a free choice as to the definition of dV, provided 
that when n = 2 it reduces to the expression already given for 
the element of area (Chapter V, formula (17) ), and that when 
nm = 3, in Cartesian co-ordinates, we have dV =. dz dy dz; 
further, from the geometrical meaning of the term, the extension 
V of a field must be an invariant.t All these conditions are 
satisfied if we assume 


dV = Nadas) da, | sep 420) 
where s/a denotes the arithmetical value of the radical, and 
therefore 


V == | ade, eee dz, 


We know in fact that on a change of co-ordinates the pro- 
duct da, daz, ...dx, must be replaced by | D| dz, dz, .. . dz,. 
From (24), extracting the square root, and taking the absolute 
values of both sides of the equation, we get 


|/a|.| D| dé, dé... dé, = Va dé, d&,... dz, 
1 A detailed study of the concept of extension and of its analytical expression has 


recently been made by O. HéxnpER. Cf. “Das Volumen in einer Riemann’schen 
Mannigfaltigkeit”’, in Math. Zeitschrift, Vol. 20 (1924), pp. 7-20. 
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But the left-hand side is /a dx, dx,...dz,, which is there- 


fore invariant. 


9. Rotor of a simple tensor in three dimensions. 


We can now give a definition of the rotor (or rotation, or 
curl) of a vector X given as a function of position, which shall 
hold good both when the space considered is not Euclidean, 
and also when it is Euclidean but the co-ordinates are not Car- 
tesian. For any value of n, the generalization consists in defining 
as the rotor the covariant double system 


Pa = Xi a Xj is i 


which is obviously antisymmetrical, since py, + p,; = 0 identi- 
cally. As we saw in § 2, the p’s can also be written as the differ- 
5 a as 
Ly 02,” 
sider the X’s as coefficients of a Pfaffian 


ences of the ordinary derivatives if then we con- 


f= 4,X,dz, 
1 


it will be seen that the p’s are merely the coefficients of the 
bilinear covariant of this Pfaffian (cf. Chapter II, § 4). 

To get the full analogy to the ordinary rotor, however, we 
should consider a space of only three dimensions. For n = 3, 
there are three different elements p;, = —~p,,, corresponding 
to the pairs of different suffixes 23, 31, 12, pairs of equal suffixes 
giving zero values of the p’s. Hach of the pairs 23, 31, 12, can be 
associated with the absent suffix (1, 2, or 3 respectively), or, 
in a general formula, the index h can be associated with the 
pair of the type A + 1, h + 2, with the convention that suffixes 
which differ by 3 are to be considered equivalent; for instance, 
if h = 2, h+ 2 represents the suffix 1. It is therefore easy to 
understand how when n = 3 the rotor can be represented by 
a simple instead of a double system. If, however, we were to 
put 

Pr sy Pr+i, h+29 


the simple system so defined would be neither covariant nor 


contravariant. Instead, it will be convenient to apply the term 
(D 655 ) 12 
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rotor to a vector R whose contravariant components R” are 
defined as follows (with the help of the e-systems introduced in 
the preceding section): 


3 
Ri => xy JY Xi; (A = he 2, 3). 
af 


The contravariance of R” follows immediately from the prin- 
ciple of contraction. In order to see the analogy between this 
expression and the ordinary rotor, note that in the double sum 
4 and J can take only the values h + 1, h + 2 (since the « corre- 
sponding to the value f would be zero); since 2 and J must also 


be unequal, there are two possible cases: 


3 il 
i= hei, l= b+ 2) when P= —_ 
Ja 


SN a] ak 4 een ee 
a 
Hence this sum will have only two terms, and R" can be 
written in the following form: 


’ I 
Rae 7, Aneel = Xi41 n+) 


ee 
Sa \O tn O@n +2 
the latter bemg convenient for actual calculations. In Cartesian 
co-ordinates a = 1, and we get the ordinary expression for the 


components of a rotor (it being supposed that 2, x, v3 corre- 
spond in order with 2, y, 2). 


10. Sections of a manifold. Geodesic manifolds. 


We know that in ordinary space S, if we are given two direc- 
tions A, p starting from the same point P and defined by their 
cosines A’, pw’ (¢ = 1, 2, 3), every other direction & through 
P whose cosines £' are linear combinations of those of A and yp, 
ie. €' = pd’ + op’, lies in the plane determined by A and p. 

The coefficients p and o are of course not independent, as the 
é’s must satisfy a quadratic identity; we have in fact 


A 
p? + o? + 20 cosAu = I. 


SECTIONS OF A MANIFOLD 163 


The directions € so defined are therefore simply infinite in 
number, and their aggregate is called a section. 

All this can easily be extended to a generic V,,, in which 
m directions A, (a = 1, 2,...m) are given. 

Take m multipliers p,, for the moment arbitrary, and con- 
sider the directions § whose parameters are 


m 


Ena y AL fL Sikes, meus (27) 
1 
and consequently whose moments are 
g; = > Pa Auli oll “hel (27’) 


In order that these expressions may effectively represent 
parameters and moments respectively, it is necessary and suffi- 
cient that they should satisfy the relation 


x; a é; <7 1, 
1 


n 
that is to say, Dep Pay Maes 


1 1 


or, denoting the angle between the direction A, and A, by ae, 


m x 


~op PappcosaB = 1. . . . . (28) 

Now suppose that the p’s are connected by this relation but 
are otherwise arbitrary. We then see that (27) (or (27’) ) defines 
an aggregate of 0” ' directions (this being the number of arbi- 
trary parameters), including in particular the m given directions; 
this aggregate is called a section. 

A section G being defined in this way by means of m of its 
directions A,, take in it any m directions A’, whatever (a = 1, 
2,...m). It is almost obvious that the section G’ determined 
by these directions is again @ itself. 

This can of course be verified algebraically. In fact, if a 
direction € belongs to G’, this is equivalent to saying that its 
parameters are linear combinations of the parameters A/", and 
therefore also of the parameters Ai; i.e. the direction é also belongs 
to G; and vice versa. | 
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We saw in Chapter V, § 23, that a geodesic is uniquely deter- 
mined if its starting-point and direction are given. Now let us 
fix a point P in a V,, and draw from it two directions A, py; 
these will determine a section of oo! directions drawn from P. 
Consider the oo! geodesics drawn from P in all these directions: 
they constitute a surface (0? points) which is called a geodesic 
surface with pole P. 

- A geodesic surface is therefore determined by a point and 
two directions. 

A similar definition can be given of an m-dimensional geodesic 
manifold. Take a point in V,,, and m directions drawn from it, 
which will define a section of oo””~! directions, and construct the 
geodesic corresponding to each of these directions. Since each 
geodesic contains oo! points, the aggregate of all of them will 
contain o”~'t? points; i.e. it will constitute a manifold V,,,, which 
we shall call a geodesic manifold. 

Particularly important cases are the geodesic surfaces (m = 2), 
and the geodesic hypersurfaces (m = n — 1) determined by n — 1 
directions drawn from a point; we shall use these in the following 
section. 


11. Locally geodesic (or locally Cartesian) co-ordinates. 


In general, a system of co-ordinates in which ds? is repre- 
sented by a form with constant coefficients is called Cartesian. 
It is not always possible to choose co-ordinates of this kind in a 
given V,; it 1s however always possible to find a system of 
co-ordinates which behave like Cartesians im the immediate vicinity 
of a point P assigned beforehand, or, more precisely, which are such 
that the derivatives of the coefficients of ds? (which would vanish 
identically if the co-ordinates were Cartesian) all vanish at the 
point P. Such co-ordinates are called locally geodesic, or locally 
Cartesian, co-ordinates. 

Their interest from the point of view of parallelism, or more 
generally of elementary equipollent displacement, appears plainly 
from equations (52) and (52’) of the preceding chapter, which 
define the increments of the contravariant and covariant com- 
ponents respectively. It follows from these equations that when 
the system of reference is geodesic at P, these increments, in 
passing to any very near point, are zero, precisely as are those 
of the ordinary Cartesian components in Euclidean spaces. 
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Now take a V,,, and in it any system of co-ordinates x; we 
propose to introduce—if this is possible—a new set of vari- 
ables 


Sf (ay, Pa, Sas Be) @ 71,2, .. nes (29) 


such that the z’s are geodesic co-ordinates at P, or in other words, 
putting d@,, for the coefficients of ds? in the new variables, such 
that ; 


(FH) = 0 eke bea Tec, 2 We 30) 
where the use of the suffix P denotes that after differentiation 
the @’s are to be replaced by the co-ordinates @,, of P. Remember- 
ing the definition of Christoffel’s symbols (Chapter V, §§ 15, 16), 
we see that (30) is equivalent to the condition that these symbols 
themselves are all zero at P, i.e. that 


ae as 0 AGE 2, 2 on). BOC) 


The following analysis shows the possibility of finding a 
set of functions f; to define a transformation of this kind. 

The condition (30) consists of n-4n(n + 1) equations con- 
taining the first and second derivatives of the f’s (since @,,., by 
the law of covariance, can be expressed in terms of the a,,’s 
and the first derivatives of the f’s). Now the number of first 
derivatives is n”, and that of second derivatives is n-4n(n + 1), 
so that the number of both together is greater than the number 
of equations. Since, as we shall see, the equations are not 
algebraically imconsistent, it follows that we can solve the 
equations (30) for the values at P of the first and second 
derivatives of the f’s, or rather for some of them, the others 
remaining arbitrary; further, the behaviour of the functions 
at points other than P is a matter of indifference. Thus 
the choice of the f’s can be made with a wide degree of 
arbitrariness. 

To avoid, however, the direct discussion of the equations (30), 
we shall start from the ideas contained in § 26 of the preceding 
chapter. We saw there that the expressions 


a = dé + By jl, i} ede, 
1 
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constitute a contravariant simple tensor, the vector § and there- 
fore its contravariant components €'; and also the differentials 
dx, being all arbitrary. This holds in particular for the 
hypothesis €' = dz;, ie. when we suppose 


7 — d? “v; — Liz { ql, i} dx; dx. . . . (31) 
uy 
If on changing the variables we have at a special point P 


=O 2 Ne eee 
02, ke ( ) 


then at that point, from the law of contravariance 


it follows that 
Pts es 2 ee ie 


If we suppose (as we are always free to do, by making a 
preliminary change of variables from 2, to x;-+ a constant) 
that the x;s vanish at P, the equations (32) are satisfied pro- 
vided the formule of transformation (29) are of the type 


L; as oh bi(%; Tg, + + « L,), (29") 


where ¢; denotes a function of the a’s which is regular at P, 
and whose expansion in a series of powers of the z’s begins with 
terms of at least the second degree, e.g. a polynomial of the 
second degree in the x’s. Im fact, if these conditions are ful- 
filled, all the first derivatives of the ¢’s vanish at P. The second 


a6; 


derivatives 
2 z, ae 
ae Dn) and give the terms of the second degree (by Maclaurin’s 
theorem) on the right-hand side of the equations (29’). By a 
suitable choice of the numerical values of these second derivatives 
at P, we can make all the Christoffel’s symbols for the variables 
& vanish, so satisfying the equations (30’), as we shall now show. 
In fact, writing out both sides of equation (33) in full by 
means of (31), and considering the 2’s, in virtue of (29’), as 
independent variables (with their second differentials zero) and 


are identical with the second derivatives 


LOCALLY CARTESIAN CO-ORDINATES 167 
the @’s as functions of them, we can write (33) in the form 
n ae We n : 
d? z; - pa {hk, a} dz, di, — Xi { jl, i}da, dz. 
1 1 


Equating the coefficients of dx; dx, on both sides and remem- 
bering (32) we get 


( ), + {jh t}> = {iba} . + (34) 


Ox, 0X, 


from which it appears that we need only take 


a2 &, 


sade, 7 ete = Gobi =1%.--m) 
a 


at P in order to have 


for every possible set of values of j, L, 2. Q.E.D.1 


1 Prof. Fermi has recently established an important extension of this result -by 
showing that, given any curve whatever, it is also possible to choose co-ordinates 
which. are locally geodesic at every point of the curve. Cf. his notes “Sopra 
i fenomeni che avvengono in prossimita di una linea oraria” in Rend. della R. Ace. 
dei Lincei, Vol. XXXI (first half-year, 1922), pp. 21-23, 51-52. Fermi’s result 
can be quickly justified as follows, by calculating the number of available unknowns 
and of conditions to be satisfied. 

Take the equations of the curve Z in the form 


x= Xi (tn) (Goss, Dyers deel), 


as we may always do by considering a suitably limited segment. Note first that 
if the values zz of a generic function 2(%, %, . .. #,) and of its partial derivatives 
with respect to x, 2... %,-1 are known at all points of the curve, then the values 


of 8 also are determined at all points of the curve. This is obvious if we take 


In 


the identity z(a, 7, ... pn) = 2z(,) which holds at all points of Z, and dif- 


ferentiate it, so getting 
02 _ dz "s)0z da 


Onn din 1° 0%; day 


Now suppose that we make a change of variables of the general type (29), and 
that we wish to determine, if possible, the n functions f;(a, a, ... %,) 80 as to 


make every att = Oalong Z. As has already been noted in dealing with a single 
xy 


point P, we thus get n-4n(n +1) conditions involving the first and second deriva- 


tives of the f’s. Now the number of first derivatives St is m7, and that of the 
af, Xe 

second derivatives aa is n*4n(n+1); but from the preceding remark, the n? 
hn OLE : 


of the latter, which are of the type ; Osi (i, = 1, 2,..<m), can be expressed 
Oxtn Ox, 
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It is not inapposite to give a geometrical interpretation of 
the conditions imposed on the co-ordinates @ in order that (30’) 
may be satisfied, or, in other words, in order that they may be 
geodesic at P. These conditions may be put in the following 
form: 

(a) The n co-ordinate hypersurfaces passing through P must 
behave as geodesic hypersurfaces with respect to points infinitely 
near P (or, in particular, must be geodesic everywhere). 

(b) If through a point P’, infinitely near to P and on one of 
the n co-ordinate lines through P—say that along which 2; 
alone varies—we construct the direction parallel to another of 
the co-ordinate lines, this parallel must belong to the co-ordinate 
surface x; = constant which passes through P’. 

(c) When the co-ordinate hypersurfaces are fixed in accordance 
with the foregoing conditions (which, as is geometrically obvious, 
is always possible), the numbering of these surfaces (i.e. the way 
in which they are associated with the values of the parameters 
L,, Z,... ,) must be carried out so as to satisfy certain numerical 
conditions which we shall subsequently specify, and which, as 
we shall see, can always be satisfied. 

That (a) and (b) are consequences of (30’) follows immediately 
from the equations of parallelism and of geodesics. Recipro- 
cally, we shall show that a system of co-ordinates which satisfies 
the conditions (a), (6), (c) is geodesic at P. 

We shall begin by expressing the condition (a) analytically. 
Take a direction with parameters d%,, drawn from P and lying 
in the hypersurface ; = constant (so that d%; = 0). We have 
to express the fact that the geodesic in this direction behaves at 


at points of Z in terms of the others and of the first derivatives. There remain 
altogether, including both first and second derivatives, n? + {n-4n(n+1) — nt 
= n+$n(n +1) unknown functions of x, to determine by means of the same 


Qik é 
uk — 0, These last equations, as can at once be seen, 


number of equations 


1 Or 
contain the second derivatives 5 z (h, k < m) in finite terms (in fact linearly), 
Ch ON ke : 
. . . v . 
while the unknown values of the first derivatives da, appear together with the 
d Of; a 3 
terms —— Of In any case we have a system of as many equations as there are 
Dip, Oxy 

unknown functions of 2, alone to determine. When the values of these deriva- 
tives are known on J, we can determine, with a wide degree of arbitrariness, func- 
tions f; which admit of these values. This can be seen by taking a Taylor expan- 
; Dante : ane ey eon 0 ; 0 
sion of the f’s as a function of the n—1 arguments 1 — Lj, Ly — Uy, «+. By 7 — Ln 95 
where the quantities «? (¢ = 1, 2,...m — 1) are the values of the x, 8 on L, ie. of 
the functions x; (%»,) which define this curve. 


LOCALLY CARTESIAN CO-ORDINATES 169 


P as if it lay on this hypersurface, i.e. that d?x; vanishes along 
this geodesic. It follows that dz, = d?z; = 0, and therefore, 
from the equation of geodesics, 


1 


Of the terms in this sum, those in which either j, or 1, or 
both, are equal to 7 vanish, since dZ; = 0; the other dz’s being 
arbitrary, the necessary condition for the vanishing of the other 
terms is that 


i pe CA ap 


We thus see the analytical meaning of condition (a). 

Next consider (b). We shall take P’ on the line 7, so that, if 
dx represents the increments of the co-ordinates from P to P’, 
we shall have dz, = 0 for every value of / other than 7. Let 
A denote the direction of the co-ordinate line 7 at P, so that 
* = 0 for every k other than j, and let A undergo a parallel 
displacement from P to P’. Applying the usual formula and 
remembering that dz; and » are the only components which are 
not zero, we get 

dX’ = — { ji, i} -X da,. 


In order that the direction \’ = A+ dd may lie on the 
hypersurface xz; = constant, we must have A” = 0, or (since, 
as we noted, A’ = 0 if 7 +4) dN’ = Oif 7 + 7, so that we must 
have i 

iut}p=0 (0+). 


This is the analytical expression of condition (b). We must 
now use the third condition in order to show that the symbols 
with three equal indices vanish; we shall thus have exhausted 
all the types of Christoffel’s symbols. 

Suppose that the co-ordinates x satisfy the foregoing condi- 
tions. Apply a transformation which leaves the co-ordinate 
surfaces unchanged; this can be done by putting x; = f;(@,) 
(i.e. every x is a function of a single Z), or, which is the same 
thing, 

du, = X, (z,) dz,, 


u 
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where X, denotes the derivative of f with respect to its 
argument. 

We shall now calculate the explicit expression of the symbols 
which we intend shall vanish. We have 


[w, @] a oy ay {ti, 5}, 


or, remembering that all the symbols are already zero except 
those with three equal indices, 


[%%, 2] = Gy {u, a} : 
Substituting on the left-hand side the expression which defines. 
the symbol of the first kind, we get 
0a; 


2 i. G;, {u, 1}. 
Hence the condition 
in eee MRO TL oe air) 


is equivalent to 


(3) Sgt Gy 12) ae 


and therefore 
04a;; 0a; 


— GPE rey Gk Oe 
Ou; 02: ats Qi; iX; 


v 


In order that the required condition may be satisfied, the 
functions X therefore need only satisfy, at P, the n numerical 
conditions 

0d; 3 , 
— Xi + 2a, X;X; = 0; 
On; 


vu 


otherwise they may be completely arbitrary. 
We thus see how to determine a system of co-ordinates € 
which shall be locally geodesic at P. 
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12. Severi’s theorem. 


The possibility of choosing co-ordinates which are locally 
Cartesian at a given point enables us to simplify the proof of 
some geometrical properties which hold in the neighbourhood of 
a point. As an example we shall prove, without any calculation, 
a remarkable theorem due to Professor Severi.1 

In a given V,, consider two infinitely near points, P and P,, 
and a direction u drawn from P. This direction, and the direc- 
tion PP, determine a section of V,, and therefore a geodesic 
surface V, which passes through P and P, and contains u. 

We can now give u a parallel displacement, from P to Py, 
in two ways: 

(1) by considering u as a direction in V,, and therefore using 
the metric of this variety; this will give a direction u,, which 
we shall call the ambiental parallel; 

(2) by considering u as a surface direction, belonging to the 
geodesic surface V, just defined, and using the metric of V,.; 
this will give a direction u,. 

Severi’s theorem is’ that u, and u, are identical. 

We shall examine first the case in which JV, is Euclidean. 
In this case the geodesics are straight lines (since, with a system 
of Cartesian co-ordinates y, Christoffel’s symbols are zero and 
the equations of the geodesics become d?y; = 0 (1 = 1, 2,...n) ) 
and the geodesic surfaces are planes; Severi’s theorem becomes 
an immediate consequence of the ordinary theory of parallelism 
in Euclidean spaces. 

Next, if V,, is not Euclidean, we note that in the definitions 
of the ambiental parallel u,, the geodesic surface V., and the 
parallel u, relative to V,, the only metrical elements used are 
Christoffel’s symbols for the V,; since all these can be made 
to vanish by a suitable choice of co-ordinates, the two methods 
of displacement are applied exactly as if V,, were Euclidean, and 
therefore lead to the same result. 


1“Sulla curvatura delle superficie e varieti” in Rend. del Circolo Mat. di 
Palermo, Vol. XLII, 1917, pp. 227-259. Cf. especially § 11. 


° 
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CHAPTER VII 


RIEMANN’S SYMBOLS AND PROPERTIES RELATING TO CURVATURE; 
Ricci’s anD ErnstErn’s SymBois; GEODESIC DEVIATION 


1. Cyclic displacement and the relations between parallelism 
and curvature. 


Schouten,! by his vector methods, and independently of him 
Pérés,? by ordinary calculus methods, have demonstrated the 
great importance, for determining the geometrical properties of 
a V,,, of the displacement of a direction round a closed circuit; 
in particular the importance of infinitesimal circuits in investi- 
gating local properties at a generic point P. 

Consider a generic direction (a unit vector) u drawn from P, 
and give it a parallel displacement round a closed curve T of 
infinitesimal length so that it comes back again to P; after the 
displacement we shall have a direction u,, also drawn from P, 
but not in general coinciding with u. The change in the contra- 
variant components wu" due to the displacement round the circuit 
will in general depend on the area of the circuit, on its configura- 
tion (i.e. on the orientation in V,, of the element of surface on 
which the circuit is drawn), and on the metrical properties of the 
V,, at P. The influence of the last-named properties is exerted 
through the first and second derivatives of the a,’s; these 
derivatives occur in certain characteristic groups which are 
called Riemann’s symbols, and which are composed of Christoffel’s 
symbols and their first derivatives. In the particular case of a 
surface, these expressions reduce to one, which is that known 
in geometry as the (Gaussian) curvature of the surface; for any 
V,, the consideration of Riemann’s symbols provides a convenient 
way of extending the notion of curvature. 

In this chapter we shall first consider displacement round a 
particular form of infinitesimal circuit, namely, an elementary 
parallelogram. We shall then discuss some of the properties of 
Riemann’s symbols, which occur in the investigation of the 

1“Die direkte Analysis zur neueren Relativitaétstheorie”, in Verh. der Kon. 
Ak. van Wet. te Amsterdam, Deel 12, No. 6, 1919. Cf. also the same writer’s Der 
Ricci-Kalkil (Berlin, Springer, 1924), IT, §§ 12-16. 


2“Te parallélisme de M. Levi-Civita et la courbure riemannienne”, in Rend. 
della R. Acc. dei Lincet, (5), Vol. X XVII (first half-year, 1919), pp. 425-428. 
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displacement, and shall use these properties to obtain the formula 
for changing the order of two successive covariant differentiations, 
by determining the difference between the derivatives. Lastly, 
we shall return to the question of displacement round any circuit 
whatever, and shall deduce from it the notion of curvature, 
first for a surface, then for any V,, whatever. 


2. Cyclic displacement round an elementary parallelogram. 


Let two elementary vectors, 5P, 5’P, be drawn from a generic 
point P of aV,,. We shall interpret the first as an elementary 
displacement PP,, and give the vector 8’P a parallel displace- 
ment along it; let @ be the position of the extremity of 6’P after 
this displacement. If we apply the same process to 6P, and give 
it a parallel displacement along the path PP,, we reach the same 
point Q (as we have already shown in Chapter V, § 19), even if 
we retain terms of the type 60’P, 6’6P, while neglecting terms 
of the second order in dP and 6’P. We can therefore, in any J, 
consider an elementary parallelogram PP,QP,. 

We shall adopt the obvious convention of representing by 
6q the change in any quantity q (scalar or vector) in passing 
from P to P, and by 6’q the analogous change in passing from 
P to P,. For a vector, we shall calculate these changes by the 
formulz of parallelism. 

Now let D,g be the change in g on passing from P to Q 
along the path PP,Q, and D,q the analogous change on passing 
along the other pair of sides PP,Q which with the first pair 
make up the circuit. 

It will be seen at once that (neglecting second order terms as 
explained above) the total change Ag on going round the entire 
circuit in the sense PP,QP,P is Djq— Dg. We shall first 
examine D,q. : 

The change denoted by 8 corresponds to the displacement 
along PP,; hence, if the value of our quantity was q at P, its 
value at P, will be ea a. 

The displacement along P,Q changes q, into q, + 6%, so 
that at Q we shall have the quantity 


q + 8¢ + 3g + 99) 
= q+ 8¢ + 59 + 59 
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so that 
Dg = 8¢ + 89 + 969. 


As D,g, by its definition, differs from D,q only by interchang- 
ing P, and P,, and therefore 6 and 6’, we get 


Dog = 5¢ + 8¢ + 889. 
_ It follows that the change caused by the displacement round 
the circuit is Aq = 09 = 89%. VL 


We must now find an explicit form for this expression, sup- 
posing that the quantity ¢ is a vector u, and calculating the 
increments 6 and 6’ by the formule of parallelism. By these 
formule, the changes du” of the contravariant components will 
be given by the Pfaffian (Chapter V, equation (52) ) 


Ou" = Dig ir} we Ot | ay ee) 
if 


while the changes 6’u” will be given by the same Pfaffian relative 

to the increments 6’z,. From (1) we see that we have to calculate 

the bilinear covariant (cf. Chapter II, § 4) of this Pfaffian. 
Differentiating (2) with the symbol 8’ we get 


8/3u" = —E,,8'{éh, r} wi 8a, — Egy h, 1} Sul Say 
1 il 
— &,{ th, 7} u' 85a. 
1 


To expand the first sum, we note that the expressions {<h, 7} 
are functions of the 2’s, and therefore 


Ags ee. mae - 
Ot Bias ee 1} 3’a,. 


The second, on substituting for 5’u’ the expression analogous 
to (2), becomes 


n 
Linn {ih, rt {kl, a} ul OD, Ot; 


1 


or, interchanging 7 and / in order to get the factor wu’ here too, 


Sanna (Uh, 0} { i, U} ut 8’, Say. 
1 
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We have, therefore, taking out the factors u' 5a, 8’, in the first 
two sums, 


on ae E ih, 7} — 3 {Uh vr} (hi, i | ul By 8’, 
1 OL, 1 
— Ya, (ih, 1} ui 8'Sa,, 
1 


The expression for 65’u” can be obtained from this by inter- 
changing 5 and 6’; in the first sum we shall also interchange 
h and k, giving 


56'u" — ee BE {ik, r} = E, {Th, r\ {hi, 1 | ub OL, 5x, 
ib OL), 1 
— Din {ih, 1} ul 88'a, 
1 


In taking the difference 5’6u” — 63’u” the third sum cancels 
out, because 66’x, = 652, (cf. Chapter II, § 4), and there remain 
the terms involving the indices 7, h, k, in which wu’ Sz, 8’x, can be 
taken out as a common factor. If we introduce Riemann’s symbols 
of the second kind, 


{ir, hk} = =_{it, rh — = (ik, r}. | 

? Ly, Lp, (2, Y, h, es 1S 2, a ee, Nn), (3) 
—X,[{lh, r} {ak, 1} —{lk, F(a, 1)1| 

1 


we shall therefore have 


Au” = (88 — 88’)u" = —Xy, fir, hk} u' 8a, 8’x,. . (4) 
1 


This formula shows that the required increment Au depends 
on the vector u, on the two vectors 6P, 6’P which define the 
parallelogram, and lastly, on the metric of the manifold, through 
the quantities {ir, hk}. From (4) it follows as a particular case 
that for Euclidean spaces Riemann’s symbols as just defined are 
all zero, whatever may be the co-ordinates x chosen for reference. 
In fact, for such a manifold, we have Au” = 0(r = 1, 2,...n), 
since any vector resumes its original value after parallel dis- 
placement round any closed circuit whatever. Hence the right- 
hand side of (4) vanishes for every 7, and for any value of the 
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vector u and of the displacements dP, 6’P, i.e. for any values of 
the arguments w', 5z;,, 5’x,. The coefficients {i, hk} must there- 
fore vanish separately. 

It will be useful to point out at once the following two pro- 
perties of the operator A: 

(a) When applied to a product, it behaves like a symbol of 
ordinary differentiation, 1.e. 


A(hd) = pAd + PAY, 


which can be verified directly, by calculating first 6(@¢), then 
d'd(bd), &e.; 


(6) when applied to a function of position, the result is zero, 
as is obvious from the meaning of the symbol. 

If instead of the increments Au” we wish to find those of the 
covariant components, we can use the relation 


and therefore, from the properties of the operator A, 
Au; — 4 Uy Au" 


nN 
= —Drinn Qjy far, hk} u 5x, O Lj» 
i 
If we introduce Riemann’s symbols of the first kind, 


(i, hh) = E,a5,{ir, Bk}, ©. 6.) 


Catal oF 
we can sum with respect to 7, and can then write 
Au; = —Dsy (Gj, hh) u’ dm, S'a,,- . . (4+) 
1 


which is analogous to (4). 
Solving (5) we get Riemann’s symbols of the second kind in 
terms of those of the first kind by the formula (the inverse of 


(5) ) 
ia, hk} = Dor (gtk). ao) 
1 
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3. Fundamental properties of Riemann’s symbols of the 
second kind. 


As can be seen from their definition (3), Riemann’s symbols 
of the second kind are functions of position, depending on the 
coefficients a, their first derivatives (contained in Christoffel’s 
symbols) and second derivatives (contained in the derivatives of 
Christoffel’s symbols). They have the following fundamental 
properties: 

(a) They are antisymmetrical in the last two indices, i.e. 

{ir, hk} = —{tr, kh}, bleeeersmne  ay (59) 
whence in particular 
{ir, hh} = 0. 

This property follows immediately from (3). 

(b) They constitute a mixed tensor,! contravariant with respect 
to the second index and covariant with respect to the other three, 


so that the symbol {7r, hk} could also be denoted (as is sometimes 
done) by a},;. To prove this, consider the invariant 


n 

——e. r 

F = 4;,),U, 
it: 


where the p’s are given (but completely arbitrary) functions of 
position, so that Ap, = 0. If we give F a displacement round 
an infinitesimal circuit, we find (remembering the behaviour of 
the operator A) . 


AF = %, (uw Ap, + p, Au’) 
1 
— 2 Ae. 
1 


As F is invariant, this quantity must also be so; replacing 
Au’ in it by its expression (4), we get the quadrilinear form 


Nee — Danny {ar, hk | Pr ul bx, OL, o) ie (7) 
us 


which expresses the required property of the Riemann’s symbols, 
since the simple systems p,, wu’, da, 6’x, are all arbitrary. 
1 Very generally, especially in works on the Theory of Relativity, called the 


Riemann-Christoffel tensor. 
(D 655) 13 


178 ALSOLUTE DIFFERENTIAL CALCULUS 


We can use the tensor character of Riemann’s symbols to 
obtain a second proof of the fact that Riemann’s symbols are 
all zero for a Euclidean J, (the first proof is an immediate con- 
sequence of (4), as was shown in the preceding section). In fact, 
the definition (3) shows at once that they vanish in Cartesian 
co-ordinates, and in consequence they vanish in any other system 
of co-ordinates. 

_ (c) They have an important cyclic property with respect to 
the three indices of covariance, namely, 


{ir, hk} + {hr, ki} + {kr, ih} = 0. . «> (8) 


To prove this, we again take F and formula (7), but we suppose 
that in them the p’s are derivatives of an invariant function f 
of position (whose numerical values are otherwise arbitrary), 
and we also take as vector u an infinitesimal displacement with 
components wu” = dz,, which is also arbitrary. With this choice, 
F becomes 


and (7) becomes 


(83 — 88’) df = —Linm-{ir, hk} p, da, 8a, 8x. . (9) 
1 


Interchanging cyclically the three infinitesimal vectors denoted 
a the operators d, 5, 6’, we get the other two formule: 


(d8’ — 8d) sf = tant hk\p, 80,52, 4%, (9) 


(sd — dd) of = — = ir for, hk p, 5x; da, 5a. (9"") 


Now on the right-hand side of these last two formule we can 
arrange to have the product dx, 5x, 8’x, in the general term, 
merely by a suitable interchange of the indices of summation. 
We can then add (9), (9’), and (9’’); the left-hand side gives 0, 
since the terms cancel out in pairs (e.g. 8’Sdf — S’d8f = 8'(Sdf 
— dof) = 0, since f is a function of position); and we get 


O = Liner [{or, hk} + {hr, kik + {kr, h\] p, dx; Say, 3’, 
1 


As p,, dx;, 5%, 5’x, are arbitrary, (8) follows at once. 
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4. Fundamental properties and number of Riemann’s symbols 
of the first kind. 


Riemann’s symbols of the first kind, as defined by (5) (ie. 
the quantities obtained by compounding the quadruple system 
of the symbols of the second kind with the system of contholents 
a) have the following properties: 

(a) They are covariant with respect to all four One. so that 
they may be denoted, as is often done, by a, ;,; this follows 
from the definition, in consequence of the law of contraction. 

The remark that a Euclidean V,, has all its Riemann’s symbols 
zero is true here too, whatever may be the system of reference. 

(6) They are antisymmetrical with respect to each pair of indices, 
so that we have identically 


(ij, hk) = —(ij, bh), . . . . (10) 
Gtk) = —Geik). 2. ay 


The identity (10) follows at once from (5), and from the 
analogous property of the symbols of the second kind. To prove 
(11) we shall follow a method analogous to that used in § 3 (0) 
taking as invariant the scalar product of two arbitrary vectors 
u, V; P 
R= z; v;w?, 


Applying the operator A and remembering that in a parallel 
displacement the scalar product does not change (so thatA# = 0) 
we get ns ay 
Cas 20 OY + i. ean Lace) 


The expression for Aw/ is given by (4), by writing j in it instead 
of r; that for Av; is given by (4’). Substituting, we get 


n 


0= Sint v;{4j, hk\ u! 8a, 8’, + Si u? (ij, hk) v' 8x, 8'x,. 12’) 


In the first sum we express v; in terms of the contravariant 
components v,, and then, pociemibeenie (5), we sum with respect 
to 7; we get successively 

n 

x 

1 


n 
{7° : , ~ y . i , : 
jitter jr PY hk} uw 8a, 8%, = Diner vo" (ar, hk) w' day, 8',; 


lastly, changing the indices 7 and r into 7 and 7 respectively (to 
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get the term in the same form as the second part of (12’) ), we 

get n 
>in vw (jt, hk) w! dx, 5 @;,. 

We can now return to (12’), and taking out the common 

factor v' u’ $a, 5x, we get 


0 = Shana [gis bk) + (Gj, KY] vw! 8a, 8'x,3 (13) 
af 


from this, since u/, v', da,, 5x, are arbitrary, we get formula 
(11). 

(c) Riemann’s symbols of the first kind have also a cyclic 
property analogous to that of the symbols of the second kind 
and immediately deducible from the latter, namely, 


(ij, hh) + (hj, ki) + (hj, th) = 0, ~~ (14) 


where the second index remains fixed and the other three are 
permuted cyclically. This formula follows directly from (8), 
on multiplying by a; and summing with respect to 1. 

As each of the terms in this sum is antisymmetrical, we can 
at once obtain from (14) a similar identity 


(ij, hk) + (ih, I) + (ih, jh) = 0, . . (14") 


in which the first index remains fixed and the other three are 
permuted cyclically. 

(d) Lastly, for the symbols of the first kind, there is a pro- 
perty of permutability, which is a consequence of the foregoing 
properties, and according to which we can interchange the two 
pairs of indices without altering the value of the symbol; namely, 


(GORE (EG) ee es) 
To prove this, take (14’) and the three other identities obtained 


from it by cyclic permutation of the four indices in the order 
4,9, h, k, or 


(4, hk) + (th, kj) + (vk, jh) = 0, 
(jh, ki) + (jk, th) + (ji, hk) = 0, 
(hk, ij) + (hi, jh) + (hj, ki) = 0, 
(ko, gh) + (ky, he) + (kh, y) = 0 
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Adding the first and fourth and subtracting the second and 
third of these identities, and using the property of antisymmetry, 
we see that the terms cancel out in pairs, except the four under- 
lmed, which give 

2(, hk) — 2(hk, vy) = 0, 


whence the required property follows. 

We shall now calculate the number of independent Riemann’s 
symbols of the first kind. A quadruple system (cf. Chapter IV, § 2) 
has in general n* elements, if there are n independent variables. 
The number of distinct Riemann’s symbols of each kind is 
smaller, however, as these symbols are connected by the identities 
we have just proved. We shall determine this number for the 
symbols of the first kind, dividing them into three classes, and 
counting separately those in each class, as follows: 

(1) Symbols with only two different indices: these are of the 
type (7, 2), since the other possible arrangements are either 
reducible to this, or give zero values. Hach pair of unequal 
indices 7, 7 therefore gives a single symbol of this class, which 
thus contains 


(2) Symbols with three different indices: these are of the type 
(ij, ih), since here too the other possible arrangements are reducible 
to this or give zero values. Every triplet of unequal indices will 
give three symbols of this type (since the repeated index may be 
n(n — 1)(n — 2) 

Viege3 

the number of distinct symbols of the class we are considering 
amounts to 


triplets, 


any one of the three); since there are 


n(n — 1)(n — 2). 
9 ? 


(3) Symbols with four different indices: a set of four different 
indices 7, 7, h, k will give the three symbols 


(aj, hk), (th, kj), (tk, gh), 


while every other possible arrangement gives a symbol reducible 
to one of these. But these three are not independent, on account 
of the cyclic relation (14’). It follows that each of the 
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n(n — 1)(n — 2)(n — 3) 
1:2-°3°4 
symbols, so that the total number of thése is 
n(n — 1)(n — 2)(n — 3) 
12 


sets of four indices gives two distinct 


. 


Adding these three partial totals, and simplifying, we get 
the total number N of independent Riemann’s symbols of the 
first kind: 

n(n? — 1) 


N= 
12 


Thus for an ordinary surface (n = 2) we have N = 1; 
for a three-dimensional space, N = 6; for a four-dimensional 
space, VN = 20. 


5. Bianchi’s identities. 


Bianchi’s identities are cyclic relations between the covariant. 
derivatives of Riemann’s symbols of both the first and second 
kinds. They are obtained as follows: 

Take formula (3), which defines the symbol of the second 
kind {w, hk}, and differentiate it with respect to 2. We note, 
however, that on differentiation the last part, which consists of 
terms of the second order in Christoffel’s symbols, gives terms 
made up of the product of one such symbol by the derivative of 
-another: the essential point for us is that, with reference to a 
specified point P, by choosing co-ordinates which are geodesic 
at that point, we can make all these terms vanish. We cannot, 
however, treat the first part in the same way, as the geodesic 
co-ordinates make Christoffel’s symbols vanish but not their 
derivatives. We shall therefore have the formula, valid at the 
point P for co-ordinates geodesic at P, 


2 
fir, Wh} = tah, r} — ih, 


OL, Oa, Ox 


1These, identities were stated without proof by Papova, on the strength of 
a verbal communication of Ricotr (cf. “‘Sulle deformazioni infinitesime”’, in Rend. 
della R. Acc. dei Lincet, (4), Vol. V (first half-year, 1889), p. 176). They were then 
forgotten even by Ricci himself. BraNnont rediscovered them and published a 
proof obtained by direct calculation in 1902 (bid., (5), Vol. XI (first half-year, 
1902), pp. 3-7). 
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Write down also the two other formule obtained from this 
by cyclic permutation of the indices h, k, 1, leaving i and r fixed, 


Bigs BO h.35 Q2 ‘ 
Dake of etka MBL Py A tig a 
aa,” } eae f) ee r}; 
ae * Ot e, 
aa,\ ir, lh} {i r} — {ih; r}. 


0 XH 0 Ly, 
Adding the terms on the left and right of these three equations 
we get 


iF 0 Xp, OX; 


oon Oe. ae 
5a kh + 5a, Vt” kl} + 4a,” Th’. 0, (16) 


which holds at the point P, in the particular system of co-ordinates 
chosen. Now consider the following mixed tensor of rank five 


Aina = {, hk}, + {ir HM}, + {u, Ih}, 


in which the suffixes outside the brackets denote covariant differ- 
entiation. This system, referred to the point P and to’ co- 
ordinates geodesic at P, is identical with the left-hand side of 
(16), since in these conditions the covariant and ordinary 
derivatives are identical; all its elements are therefore equal to 
zero, and it will therefore be identically zero whatever may be 
the system of reference (cf. Chapter IV, § 12).. We have thus 
proved the identity 


{ir, hk}, + {ar, kl}, + {ir, th}, = 0, . (17) 


which is a first form of the result established by Bianchi. 

For the symbols of the first kind the analogous relation is 
easily proved from the definition of these symbols given by (5). 
In fact, taking the covariant derivative of this formula, and 
using Ricci’s lemma, we find that 


(y, hk), = 2, Oy, { ir, hk},. 


From this, permuting cyclically the indices h, k, | and sum- 
ming, we get, by (17), 


(yj, hk), + (9, Fl), + (Y, by, = 9, ~~ (IT) 


which is the second form of Bianchi’s identity. 
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6. Commutation rule for the second covariant derivatives. 


An important application of Riemann’s symbols occurs in 
the formula which gives the relation between the two systems 


()) 
AG yhic and Di yieho 


obtained by double covariant differentiation from a generic 
tensor AG where (7) stands for the aggregate of indices of 
covariance 7, ...%,, and (4) for the aggregate of indices of contra- 
variance 7, ... oh To simplify the formule we shall consider a 
mixed double system A}, with the remark that the procedure 
is similar if there are more indices. 


We start as usual from the bilinear form 


the invariance of which determines the law of transformation 
of the A’s; the €'’s are the contravariant components of an 
arbitrary eee 6, and the w,’s are the covariant components 
of another arbitrary vector u. The procedure will consist in 
calculating, 1 in two different ways, the quantity AF correspond- 
ing to acyclic displacement round an elementary parallelo- 
gram (cf. § 2), and im equating the two expressions so 
obtained. 

A first way of calculating AF is as follows. We associate the 
increments 6, 6’ with two sides of the parallelogram, as in § 2, 
and use (1). Note first that from the definition of the covariant 
derivative (cf. Chapter VI, § 1) df is given by 


n 
oF — >in Ain, e U; 82},. 


Similarly, applymg the symbol 6’ to this expression, we 
shall get 


n 
Y = j i Y 
Jor = Dink Abin é U; 8X), 8 Xj. 
1 
From this, interchanging 6 and 6’, we get 


n 
(2 ae t , A 
re >in Ab inn €° U; 9'X), Say5 


——_— 
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subtracting these two equations, after interchanging the indices 
h and k in the second, we get 


AF = Sink (Abin — Alin) E' uj 82, 8 2,. = (18) 


The other method of calculating this quantity consists in 
applying the operator A directly to the expression for F. Remem- 
bering the fundamental properties of A (§ 2) we shall get 


AF = 3, Ai(u,Ag' + €' Au), 
1 
or, substituting for Ag’ and Au, the expressions given by (4) 
and (4’), 
AF == — Lisnn Aj { li, hk} Uy é! Ox, 6%, 
; 


et Dijk Aj (p), hk) uP a OX), 8 Xp. 
1 


In order to get the second sum in the same form as the first, 
we shall express it in terms of symbols of the second kind and 
of the covariant components of u; to do this we first use the 
property of antisymmetry with respect to the first pair of indices, 
and express the v”’s in terms of the u,’s, so that the sum becomes 


as > phi At (jp, hk) a?! E° uy 8a, 8'e,. 

Summing with respect to p, and using (5’), we get 
Denn A} { jl, hk i E* uy, 82), Oy. 
. 


Now, in order to reconstruct the second expression for AF 
in a suitable form, we shall first interchange some indices, so 
as to be able to take out the factor €'u,dx,,6’x, which occurs 
in (18). We must interchange / and 7 in the first sum, and / and 
j in the (modified) second; we shall then get, collecting both sums 
under a single summation sign, 


AY SE) are | (7 hk — Aly, a | E! uw 8a, Uy. 
1 
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Comparing this expression with (18), and remembering that 
. §, u, the 6a’s, and the 6’a’s are arbitrary, we get the commutation 
formula 


Big — Aig = 2 E (al, hk} — APL, ni} | (19) 


‘ie Atm 


If the system from which we start has m indices of covariance 
and « of contravariance, we must consider m vectors §, deter- 
mined by their contravariant components, and p vectors u, deter- 
mined by their covariant components; by an analogous process 
we shall find 


n m 
(9) ©) (9) iA 
Ania fe Ahi i i E 4; <a tped Uiped eee in torts i 


20 
Spite MeV ptt in 14 hie} pu 
va i {Ups fall 


7. Cyclic displacement round any infinitesimal circuit. 


We now return to the order of ideas interrupted at §2. Given 
a direction u at a point P, we shall give u a parallel displacement 
(in V,,) round a closed curve T, infinitesimal, but of any shape 
whatever, and of course passing through P; we propose to 
calculate the change Du” in a generic parameter of u caused 
by the cyclic displacement. The formula we shall find will be 
merely a generalization of (4), and must reduce to (4) 
if as a particular case we take for 7 an infinitesimal parallelo- 
gram. 

For an elementary displacement da, we know that the change 
in wu’ is 


du" = —Lz, {th, r}u' da, 
1 
so that it has the form of a Pfaffian 
ob, — Xp, Xin, At, . ° . e (21) 
1 


in which the X’s are functions of position (since they contain 
Christoffel’s symbols) and of the u’’s which are defined along 
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the curve T by the equations of parallelism du” = y,. We have 
to calculate the integral 


Du = ft = [Ba Xnden . (22) 


where we use the operator D to indicate the increment resulting 
from displacement right round the circuit. We shall now con- 
sider any surface o containing the curve 7, and we shall call 
I the region of this surface which is within 7’, and is such that 
T constitutes its complete boundary. We propose to transform 
the mtegral round the circuit 7, which occurs in (22), into an 
integral over the surface I’. To do this, we shall first introduce 
a system of co-ordinates g, and q, on the surface in question, 
defining them by the parametric equations 


Ee 201,45) (Gee 1, Qua, 0): 


The dz’s will consequently be linear functions of dq, and 
dq,; substituting their expressions in the Pfaffian (21), this will 
take the form 


dy gb, =—Q, day -+ Qodg,° . . (21) 


where the quantities @, and Q,, like the X’s, are defined along 
the curve 7. The integral to be calculated will thus be 


Du = [ (Qidn+ rd). - (22) 


We shall suppose the curvilinear co-ordinates q,, q2 so chosen 
that the sense of integration round 7 is the same as that deter- 
mined on [I (at a generic point) by the rotation (through the 
angle less than 180°) from the positive direction of the line q, 
(i.e. in the sense of q, increasing) to the positive direction of 
the line qo. 

The transformation of the line integral (22’) into a surface 
integral taken over I’ could be effected at once if the @’s were 
defined as functions of position in the interior of I’ as well as on 
its boundary. But instead of this they contain the w”’s, which 
are given at P, and at points on 7 have values resulting from 
the parallel displacement along 7 itself, but are not defined for 
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a point M within I’, their values at M depending on the path 
followed in the parallel displacement of u from P to M. We 
shall, however, show that if I is infinitesimal the influence of the 
path of displacement on the values of the u’’s at M is negligible, 
and therefore we may consider the w”’s, and in consequence the 
X’s or the Q’s, as functions of position over the whole area I’, 
which will enable us to make the required transformation of 
(22')," 

We shall make some preliminary remarks on orders of magni- 
tude, using for this purpose the general existence theorem for 
integrals of systems of ordinary differential equations. Such a 
system is constituted by the equations 


dant; (f= De); 


which define the functions uw’, along a generic line 7, start- 
ing from a given set of initial values at P (cf. Chapter II, 
§ 5). 

Now the existence theorem assures us that in general (i.e. 
when certain not very restrictive conditions of continuity 
and differentiability are satisfied) the initial values define the 
integrals uniquely, and these integrals and their derivatives 
are continuous functions for values of the independent variable 
within an interval which is not shorter than some assignable 
quantity. 

In our case, granting, what will naturally be the case, that 
the coefficients a,, of ds? and the reciprocals a™ are finite and 
continuous, as well as their first and second derivatives, in a 
certain region round P, and supposing also that the length of 
the vector u at P is limited, i.e. is not greater than some specified, 
but arbitrary, constant U, it can easily be deduced from the 
above-mentioned existence theorem that—considering the arc 
of the curve of displacement as the independent variable—the 
u’’s are defined (as continuous, differentiable, &c., functions), with 
P as starting-point, along any curve whatever, for a segment 
of the curve of length not greater than a certain quantity A 


l'We shall in fact here limit the discussion to an indication of the general lines 
of the argument, without pausing over the details needed to justify the various 
steps of the proof with complete rigour. There is an exhaustive proof in the 
article by H. Trerze: “ Ueber Parallelverschiebung in Riemann’schen Raiimen ”, 
in Math. Zeitschrift, Vol. 16, 1928, pp. 308-317. 
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which depends exclusively on the metric of the manifold and on 
U. Hence it follows in particular that the differences between 
the w"’s and their initial values are of the same order! of magni- 
tude as the length Z of the are along which the integration of 
the system du” = 4%, is effected. 

Further, the area ’ which we are considering on the surface 
o 1s infinitesimal, in the sense that we propose to make it diminish 
indefinitely. It is therefore perfectly legitimate to suppose that 
it is already so small that every point in it can be reached from 
P by a line of length not greater than A and that the length of 
the whole contour T is also less than A. 

We thus have the result that if u undergoes a parallel dis- 
placement from P to a point M within the area I’, or on its boun- 
dary T, the u’’s at M differ from their values at P by quantities 
of the same order as L, if L (<A) is the maximum length of 
the lines considered. As a first approximation, in which quan- 
tities of the same order as Z are neglected, we can therefore 
take the components w” as constant and = wu’ over the whole 
area I’, including its boundary. 

We can find a closer approximation if we calculate the w’’s 
at M by integrating the Pfaffian (21) along a curve PQ, sub- 
stituting, however, for the coefficients X,,, their values at P. 
This process involves an error of order L in the values of these 
coefficients, and therefore an error of order ZL? in the values 
found for the u’’s at M; the choice of the curve PM is indifferent, 
as in this case the Pfaffian becomes an exact differential. As 
the coefficients are constants, the integration can be at once 
effected, and will give linear functions of the «’s for the w’’s. 
We shall thus have obtained the w"’s as functions of position at 
all pomts (including the boundary) of the area I, neglecting 
quantities of order L?. 

We can get a third approximation by substituting these 
approximate linear expressions of the w’’s in the coefficients 
X,,._ The X’s will thus become functions of position, as was 
required, defined throughout I’, including its boundary 7’, and 
coinciding on J (if we neglect L*) with their accurate values 
as already defined. These. values of the X’s can be used to 


1This means that the differences in question are not greater than the product 
of Z by a certain finite coefficient, which does not depend on Z or on the curve of 
integration, but only on P, U, and the metric of the manifold. 


190 ABSOLUTE DIFFERENTIAL CALCULUS 


calculate the integral (22), which will give the value of Du’, 
the error being now of order L*. It was necessary to carry 
the approximation thus far, since the other two approximations 
make y an exact differential, and would give the value zero for 
Du’, the obvious meaning of this being that Du” is a quantity 
of order L?. 

We shall therefore return to (22), giving the X’s the meaning 
just explained, and transform it into the form (22’) by using the 
parametric equations of the surface o; Q, and @, will now 
represent functions of position defined at all points of TI. - In 
consequence! we can transform the line integral into a surface 
integral, getting 


or also 


Dua == | 2 EB (Q2 dq2) dq, — te (V1 dq) ata (23) 


We must now find the value of the integrand on the right of 
(23), which can be done by means of the following considera- 
tions, without writing out the expressions for Q, and Q, at full 
length. 

Let the operator 5 denote the increment of a quantity corre- 
sponding to a displacement along the line gg = constant, when 


1 By the ordinary formule, 
af ik ip of 
=# JOG GGa) = dqa, ~~ dq,dq. = — dj, - 
he Bq, eae 7 Fee ness V fay (@) 


where f is a function of g, and q@ which is continuous, together with its first 
derivatives. Usually in these formule g, and g are interpreted as Cartesian 
co-ordinates in a plane, and the sense in which the curve 7’ is described is defined 
by the condition that the pair of directions s, n (s the tangent to the boundary in 
the sense in which it is described, n the normal to 7’ drawn inwards) is congruent 
in the plane with the pair q, q@. The formule obviously hold, however, indepen- 
dently of this interpretation in plane geometry, and can therefore be applied even 
if qi, 92 are any curvilinear co-ordinates whatever, the sense of describing the curve 
being determined by an analogous criterion to that just explained, provided that 
we introduce, at a generic point of the boundary curve, the directions tangential 
to q@ (i.e. gg = constant) and q, in the sense in which the respective parameters 
increase. Now we have already supposed (p. 187) that the auxiliary curvilinear 
co-ordinates qi, q. behave as regards sense in precisely this way. Hence the 
equations (G) hold both in magnitude and in sign. 
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4 increases by dq,; similarly, 5’ corresponds to an increase dq, 
in qg, alone. We shall therefore have 


82; — ca 1» 

es (24) 
Lge ar 

092 


and analogous expressions for any function of position. Now 
note that in (21’) the first term represents precisely the incre- 
ment of wu” due to a displacement of the first type (dqq = 0), 
so that 


du" — Q; dq,, 
and, the second term having an analogous meaning, 
ow = @, dq. 
We can therefore write (23) in the form 
0 0 
Dy = — (d’u") dq, — — (du’) d 
[lee O17) tas — = Orr a 
is te [83’u” — 8’Su"]; 
and from this, remembering equation (4), we get 
Du’ = | Lin {o7r, hk} w' 8a, 8'x,. 
fa f 
Now let us put €, 7 for the parameters (in V,,) of the lines 


4. = constant, q, = constant, i.e. 


Ri: 
So 77 v — v 
é =» 55? 


where 6s, 8’s are the lengths of the displacements, along the 
lines g, = constant, 7, = constant, whose components are 6x, 
6%; Then we can also write 


Du = [, Oe OS kites dian (20) 
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where for shortness we have put 
nu 
Se = Dine fir, hk} u' ee ae: 
1 


We can now remark that if 9 is the angle between the co- 
ordinate lines q, dz, the element of area (cf. Chapter V, § 7) is 


dl’ = 3s 6's sind, 


and therefore (25) becomes 
Duh = fr dT. 
ie if r sind 


By the mean value theorem, if | J 2 | denotes the value 
f " 


sm 


of the function of position — 5 at a suitable pomt M, (not known 
sin. 


a priori) within I’, and DI the area of the region I’, we can also 
write 
Du’ = FA Dr. 
sind-_| uo 


Now the value at M, of the function of position ee differs 
sin ; 


from its value at P by quantities of order L (since the distance 
M,P is of this order); since the area DT is of order L?, the error 
caused by substituting the value at P for that at M is of order 
L3, which we have agreed to neglect. We shall therefore have 


Die fo By: 
sind 
ee aD Ie On ee : 
or Du’ = ans Zine 1s hk} u é* n*. ake (26) 


In this formula the quantities €” and 7" represent the para- 
meters of the lines q,, q, at P, and > is the angle between these 
lines; the values of the u'’s and of the Riemann’s symbols refer 
to the point P. It will be seen that the influence of the circuit 
of displacement appears in this formula in three geometrical 
elements, which serve substantially to determine the circuit 
itself, namely: two directions §, n (a priori any whatever) which 
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determine the section on which the circuit is supposed drawn, 
together with the angle between them; and the area DI of the 
circuit itself (measured according to the metric of V,,). 


8. Pérés’s formula. 


From (26) we immediately get the fundamental formula which 
serves as a link between parallelism and curvature. 

Take any (fourth) direction v drawn from P. Let a be the 
angle between v and u, and a+ Da the angle between v and 
u-+ Du; we propose to calculate Da. To do this we take the 
scalar product 

u X Vv = cosa 


(assuming that u, like v, is a unit vector), and differentiate with 
the symbol D, remembering that Dv =: 0 since v is a fixed 
vector. We get 

v xX Du = —sina Da, 


or, substituting for the scalar product on the left its expression 
x,v, Du’, and using (26), 
1 

DI 


n 
sina Da = ~—— Zp, {ir, hk\ u'v, E" yf. 
a La aE ne { } E'n 
If in this formula we express the v,’s in terms of the w’s, and 
sum with respect to r (remembering (5) ), we get 


: ee ay wee 
sina Da = ——— Li, (Y, hk) u'v’ E° 
sind 1 
Now if the directions u, v coincide or are opposite, this formula 
reduces to an identity of no interest, since on the left we have 
sina = 0, and the right-hand side vanishes from the antisym- 
metry of the Riemann’s symbols. Excluding this case, we can 
divide the whole equation by sina, and we get Pérées’s formula 


—DT & oe ee CK, 
Da = oa RN * ink (ij, hk) uo Erne. . (27) 


9. Application to surfaces. Gaussian curvature of a V.. 


In considering the particular case of a Vy, i.e. an ordinary 


surface, the directions u, v must of course be contained in the 
( D 655 ) 14 
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section (the only one there is) defined by &, y. Since the only 
purpose of these last two vectors is to specify the section on which 
the circuit is drawn, we can make them coincide with u and v 
without loss of generality; (27) will then become 


Des sae Lijne (Y> hk) wei uber 5. (87) 
OS Ceat 


Since for n = 2 Riemann’s symbols which do not vanish 
are represented by the single arrangement of indices (12, 12), 
this formula can be further reduced to 

Da = a (12, 12) (ut v2 — wu? v1); 


sin*a 


or finally, remembering the expression for sina in terms of the 
parameters of the two directions u, v (cf. Chapter V, § 4, formula 
(9’) ), we get 


Dat eR erin 
a 


It is usual to put 
(12, 12) 
a 


Ee ea ee OS 


so that the foregoing formula becomes 


Da 
Hi 8 ee ee 
From this it will be seen that the function of position K 
defined by (28) is an invariant; it depends on the coefficients 
a, and their first and second derivatives, and is identical with 
the quantity which in the theory of surfaces is known as the total, 
or Gaussian, curvature (the product of the curvatures of the prin- 
cipal sections). The equation (29) can be put in a more instructive 
form if we introduce the angle of parallelism e¢, i.e. the angle 
between u and u-+ Du (or between u and its parallel obtained 
by displacement round the circuit), measured in the sense in 
which the circuit is described. We can also say that ¢ is the angle 
through which u has been rotated as a result of the cyclic dis- 


1See also below, Chapter IX, § 5. 
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placement. It is obvious that ¢ has the same absolute value as 
Da, but we shall see that as regards sign the precise relation is 


SSS Di. 


To show this we need only remember the convention adopted 
above (§7) that the circuit 
is to be described in the 
positive sense with respect 
to the co-ordinate lines q,, 
4, or from the versor & 
to the versor yn. As § and y 
now coincide with u and v 
the sense in which the cir- 
cuit is described is from u 
to v (through the convex 
angle). Accordingly (see 
fig. 3) if Da >0,u+ Du 
is outside the convex angle 
uv, and is therefore reached 
from u by moving in the 
negative sense (« < 0), and vice versa. We can therefore 
write (29) in the form 


€ , 
Tues He tt BM 4! 8) 
which gives the following important interpretation of the curva- 
ture K: K is the ratio of the angle of parallelism (taken with its 
proper sign in relation to the sense of describing the circuit) 
to the area of the circuit. 

In the case of a Euclidean V, Riemann’s symbol is zero 
(cf. § 4) and therefore K = 0. This can also be deduced from 
the geometrically obvious fact (already used in § 2) that the 
parallel displacement is integrable (i.e. that the result does not 
depend on the curve of displacement). 


10. Riemannian curvature of a J. 


If instead of a surface we consider any V,, whatever, the 
notion of curvature becomes less simple. If P is a fixed point 
of the V,,, then with every section through P determined by two 
arbitrary directions §, y drawn from P we can associate an 
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invariant K, which is called the Riemannian curvature of the 
V,, at P with respect to the section considered. Following Rie- 
mann, we construct the geodesic surface determined by the 
point P and the two directions &, y, and then take the Gaussian 
curvature K of this geodesic surface as the curvature of the 
V,, at the point and in the section in question. In general the 
Riemannian curvature differs in the different sections. 

The foregoing considerations enable us to give another impor- 
tant definition of the Riemannian curvature, and to find the 
analytical expression for it. 

Given the elements P, &, y, construct the geodesic surface 
g defined by them and consider an infinitesimal circuit on g, 
passing through P, of area DI’. Take one of the given directions, 
say §, and give it a parallel displacement with respect to the 
surface g round the circuit, in the sense § —- yn. Now calculate 
by Pérés’s formula the change Da in the angle between § and », 
i.e. the difference between its values before and after the dis- 
placement. The curvature K will then be given by (29). Now 
from Severi’s theorem that an infinitesimal parallel displacement 
with respect to the surface g (using the metric of g) can be replaced 
by the analogous infinitesimal parallel displacement in JV, it 
follows at once that this method of calculating K does not really 
involve the use of the geodesic surface g. Hence the Riemannian 
curvature K can be defined as the ratio (with sign changed) of 
Da to DI’, where Da rs the change in the angle between the gwen 
directions §, n caused by the parallel displacement in V,, of one of 
these directions round an infinitesimal circwt of area DI’, belonging 
to the section , n, and described in the sense § —- yn. We therefore 
have 


Keen) ae) 


as in the V,. 
The explicit expression for K corresponding to this can be 
obtained from (27’), and we get 


K = sine >in (y, hk) uv! ul uv, . . (31) 


The symmetry of the right-hand side in u and v provides 
formal confirmation of the fact that it is immaterial whether 
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we displace u or v, as we get in either case the same value for 
Dea and the same value for K. 

A third definition of the Riemannian curvature can be 
obtained from the proof of the following lemma. 

Take any three points P, P’, P” on a surface V,, and join 
them in pairs by ares of geodesics, forming a so-called geodesic 
triangle. If d, ¢’, d” are the angles of this triangle, the quantity 


Sree Sa ee a RORTE “BHL (59) 


is called the geodesic excess. 

Now take any point on the triangle, and give a parallel dis- 
placement round the triangle to the direction of the side at 
that point, or of one of the sides if the point is a vertex; e.g. 
starting from P, the direction u at P of the side PP’ (taken in 
the sense P — P’). 

We want to show that the angle between the initial and 
final positions of u (measured from the initial position in the 
sense which at each vertex is dependent on the sense P P’P” 
in which the circuit is described), i.e. the angle of parallelism 
(relative in this case to a circuit of a special kind, but without 
the restriction of being infinitesimal), 7s the same as the geodesic 
CXCESS €. 

For the proof we shall follow u in a cyclic displacement 
round the circuit P P’P”, noting in the first place that from 
P to P’ u remains tangential to the side PP’, on account of the 
autopardllelism of geodesics (cf. Chapter V, § 11). On arriving 
at P’, wis thus inclined at an angle 7 — ¢’ (outside the triangle 
at P’) to the side P’P” (in the sense indicated by these letters); 
more precisely, u is behind the tangent to the side P’P” by an 
angle of 7 — ¢’, the sense of rotation at P’, as we have already 
said, being determined by the sense of description PP’P”. In 
the displacement from P’ to P” this angle remains unchanged; 
at P’” there will be a further loss of 7 — ¢” (with respect to 
the new side P’’P); and finally at P yet another loss of 7 — ¢ 
(with respect to PP’). Taking all these together, we see that 
in its final position the parallel to u has been rotated away from 
its initial position through an angle of 37 — (6+ ¢' + ¢”) 
in the negative direction, or « — 27 in the positive direction. 
Now in the pencil of directions at a point an angle is determined 
geometrically by a quantity of the form 0 + 2nz, where n is any 
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integer; hence we have proved that one value of the angle of 
parallelism is the geodesic excess «. Now in a Huclidean space 
the geodesic excess is zero, and in any manifold whatever, for 
an infinitesimal triangle, the excess is infinitesimal; we therefore 
see that for reasons of continuity the value adopted for the 
angle of parallelism is in fact the most suitable, being that which 
tends to zero with the triangle. 

The lemma just proved is rigorously true in a V,, whatever 
may be the magnitude of the geodesic triangle considered. If 
in particular we apply it to an infinitesimal triangle, we can 
substitute « for —Da in (29), so getting 


id eee ae 
DF 


a formula which defines the Riemannian curvature as the ratio 
of the geodesic excess to the area of an infinitesimal geodesic triangle 
lying in the section considered, and having one vertex at the gwen 
point P. It will be seen that this is an obvious extension to n- 
dimensional manifolds with any metric of an elementary theorem 
in spherical geometry (the area of a spherical triangle = the 
spherical excess X the square of the radius); the latter 
theorem, however, unlike the former, holds also for a finite 
triangle. 

We must confine ourselves to a mere reference to the 
important researches of Professors Schouten! and Bompiani? 
on the simultaneous cyclic displacement of several directions, 
and even of the whole sheaf of directions drawn from a single 
point. Their work throws light on the theory of Riemannian 
curvature under various new aspects. 


11. Case of a Vz. The tensors a, of Ricci and G',, of Einstein. 


For a manifold of three dimensions the symbols of the first 
species (7, hk) which do not vanish reduce substantially, in virtue 
of (10), (11), and (14), to the scheme 


GF ie =- 2, hie ee) (i,k = 1, 2, 3), 
1See references given in note (1), p. 172. 


2« Studi sugli spazi curvi”, in Att? del R. Ist. Veneto, Vol. LX XX, 1921, pp. 855- 
386, 839-859, 1113-1145. 
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with the convention (Chapter VI; § 9) of regarding as equivalent 
two indices which differ by a multiple of 3. 

Using this notation, we now introduce after Ricci the double 
symmetric system 


ere ee a EE EE ee = 1,23), 183) 


a 


which constitutes, as we shall now show, a contravariant tensor. 
In fact, if we make use of the contravariant system ¢ (Chapter 
VI, § 8) we see that (33) is equivalent to 


3 
a® = LE, oy 2 (pg, 18) CG ee gl pas) heed 


1 


which proves the assertion. The verification of this last formula 
is immediate, when we remember that of the various determina- 
tions a priori possible for the pair p, q, there are only two, 


p=iti+l1, q=7+2 
and pH214+2, g=—=27+1, 


corresponding to which ¢”? has a value different from zero, 


viz. ae in the former case, — =a in the latter. Similarly, for 
Ja Ja 
the other pair 7, s, the only determinations to which there corre- 


sponds a non-vanishing ¢“* are 


g=k+i, s=k+2 
and r= kt+2, s=k+ 1. 


3 
The sum &,,,,, reduces therefore to four terms all expressible as 


Be ia 
G@+1i1+2, k+l k+2) 


a 


thus giving the result stated in (33). 
The name Ricci’s symbols is sometimes given to the a’’s 
just defined, or, more specifically, to the elements 


3 
ig. == Lin Diy Vr a (2, k = 1, 2, 3) . (34) 
1 


of the reciprocal covariant tensor. 
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It is worth noting that equations (33), if we take account of 
the properties of Riemann’s symbols in respect of symmetry 
and antisymmetry, can be solved so as to give the values of these 
symbols in the form 


(ij, hk) = 


v ” 
vp a P evij €phke . . . (33 ) 


HMw 


In fact, expanding the second member and attending to the 
definition of the covariant system ¢, we find the value zero corre- 
sponding to every set of four 2, j, h, k for which the first member 
vanishes, and the value aa” corresponding to a set of four of the 
typez+1,7+2,k4+ 1,k-+ 2; (33”) therefore follows from (33). 

By contracting the Ricci tensor a by means of the funda- 
mental tensor (the coefficients of ds*, or their reciprocals) we 
obtain the linear wnwariant of the tensor a 

3 


3 
es, Osos ae tk ‘ 
M = din Qin a = Dip a’ 4 Dine ° ° (35) 
1 Lk 


We may point out another formal relation of which use will be 
made in Chapter XIT.. For any V,, whatever we can derive from 
the Riemannian tensor, by contraction with respect to two in- 
dices, the covariant double tensor 


Gy = Sya" (j,k), . . 6 © (36) 
: | 


which, in virtue of equations (5), can also be written in the 
form 


G55 Ais. ees 
al 


This tensor was noticed by Ricci, who applied it to the study of 
the local distribution of curvatures in a V,; it was afterwards 
taken up by Einstein, who gave it a fundamental place in the 
theory of relativity (im which n = 4): it is commonly known 
as the Hinstein tensor. 

For n = 3 the a,,’s are related in a simple way to the G;,’s. 
To bring out the connexion simply and neatly, it is convenient 
to make use of two properties of the ternary systems e: one 
expressed by the identity (which can be verified immediately) 

3 
iP eg, = 828% — 5? 3! (2, 9,9; 8 = 1; 2, 3S). (37) 


1 
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the 6’s having the usual meaning (0 for different indices, 1 for 
equal indices); and the other translating, as it were, the definition 
of a" as a reciprocal element 


Substitute in equations (36), in place of the a/’s, the second 
member here; and, in place of the (2, hk)’s, the expression for 


them in (33”), with ¢,,, changed into — e,,,. Taking account of 
(37) we find 


Gx = 4 Zparoyp pr Ags 0” (82 81 — 8282) (8, 85 — 87 8%). 


HMw 


Of the four terms obtained by expanding the product of the 
bracketed expressions, the two which are positive are merely 
interchanged by interchange of p with g and of r with s, which 
does not alter the product a,,a,,; and similarly with the negative 
terms. We can therefore confine our attention to one term only 
of each kind, and suppress the factor $. If we take, e.g. 


5” 81 (878° — 8°8), 


and bear in mind the meaning of the symbols 5, we find that the 
sum reduces to one with respect to v and p only, giving 


3 
Ga. = yay (Giz Vig WP — Ayn Miz a’), 
1 
or finally, having regard to (34), (35), 
Gin = Gi ~My (,& = 1, 2,3). . (88) 


12. Curvature of a manifold of three dimensions around a 
point. Principal directions and invariants. 


Consider in a V3 a generic section or facet, f, defined by two 
directions (versors) u, v, whose parameters are wu’, v' (¢ = 1, 2, 3), 
issuing from the same point P. Let w be their vector product 
(Chapter VI, § 8), the moments of which are 


3 . 
w, = Dy ery wiv! (eerie On Die 5/39) 


Corresponding to the section f in our manifold V; we have the 
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Riemannian curvature K given by (31), with n = 3. In the 
: 

sum jy, of (31) it is convenient to introduce, in place of Rie- 
1 

_ mann’s symbols (77, hk) the expressions for them given in (33”’). 


Taking account of (39), we find immediately 


in or ge 
wat, en ee Wp oe 2E STO) 


K = 


Deferring for a moment the illustration of this formula, we recall 
the fact that in general the length w of the vector u /\ v (the 
vector product of u and v) is given by the product of the lengths 
of u, v by the sine of the angle between them. For the Euclidean 
V; this implies, as already mentioned (Chapter VI, § 8), the identity 
of the moments (39) referred to Cartesian co-ordinates with 
the ordinary components (orthogonal projections) of the vector 
product u /\ v. For a general V3, it is sufficient to remember 
that we can choose co-ordinates which are locally Cartesian at 
any assigned point P, so that the a,,’s have the values 6) (and 
so that also—though this is not important for the present pur- 
pose—their first derivatives vanish). Now both in the measures 
of the lengths and the angular distances of vectors proceeding 
from the point P, and in the definition (39) of the w,’s, there 
enter only the components of the vectors and the values of the 
Ginx s at P. Locally then everything is the same as for Euclidean 
space.t 

Turn now to our case, in which u and vy are unit vectors. It 


follows that w = sina, whence SS wi constitute the 
w sina 


1 We can also of course calculate the length of w. Thus we note that, besides 
(39), we have the equivalent formule defining the contravariant components: 


3 
wr = Lak ght Un Up 
1 


Hence, in view of (37) (the index of summation in which we may suppose 
transferred to the first place), 


3 3 427 h ok he okt 
w = Ly wr wy = Dijne ud vd up vy, (8. 8° — 3-3. 
1 1 ae} J 4 


Sik FSO. Same eae 
= iw uj uy vj — Rg vg yey 


= 


24% — (uv cosa)? = u*v? sin2a. 
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moments 4; of the direction A normal to the section f. The sense 
assigned to the normal by (39) is characterized by the system 
€ or, geometrically, by the sense of the trihedron formed at P 
by the positive directions of the co-ordinate lines. In fact, from 
these equations (39), if we suppose, for example, that the lines 
1, 2 are taken in the directions u, v, there results 


Ja 


Ay; Ag 


so that (Chapter V, § 22) w makes an acute angle with the positive 
direction of the line 3, whose parameters are 
So = sia 0; aaa LG: 
/d35 

Thus A is perpendicular to f at P, and directed so that the 
trihedron u, v, A has the same sense as the trihedron formed 
by the positive directions of the co-ordinate lines at the same 
point P. 

Equation (40) now takes the form, given by Ricci, 


3 3 
fags 2p a? rx, A, = xp ae Ate ume mito.) 
which defines the curvature of a variable section £ through P as a 
homogeneous quadric in the parameters X” (or mm the moments X,) 
of the normal to f, the sense of the normal being indifferent, since 
the expressions in (40’) do not change when we change the signs 
of the 2’s. 

The dependence of K on the direction A of the section with 
centre at P is of purely local nature. We can therefore, in accord- 
ance with an observation made above, make use of the elemen- 
tary criteria of analytical geometry just as if it were a question 
of ordinary space—we have only to take co-ordinates which are 
Cartesian and orthogonal at P. The A”’s then become direction 
cosines, and we have for K (except for a different signification 
of the coefficients a,,) the same expression as the one which 
characterizes the distribution of moments of inertia (of an assigned 
material system) with respect to the «* axes coinciding with the 
lines of the versors A proceeding from P. As we know, the law 
of variation of K becomes expressible geometrically if we intro- 
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duce the ellipsoid of inertia EF, of sg P: to any direction of 


A there belongs a value of K, viz. where Q is the intersection 


& 
of the line of A with the ellipsoid #; the three axes of H corre- 
spond to stationary values of K (with respect to neighbouring 
directions), the axes of maximum and minimum length in parti- 
cular corresponding respectively to minimum and maximum 
values of K. 

That being so, the same law of variation will hold for K the 
curvature; but in the general V, interpretation is necessary. 
This implies merely that the ellipsoid E (like, for example, 
Dupin’s indicatrix for the case of an ordinary surface) takes us 
in thought outside the V;, as an auxiliary representative element 
to be associated with the Euclidean three-dimensional space 
which is tangential to the V, at P when, as is always allowable 
(Chapter V, § 21), we imagine the V; immersed in a Euclidean 
Sy (N > 6). 

The outstanding result is that there exist at every point P at 
least three mutually orthogonal directions 2,, A», As to which (or 
rather to the normal sections perpendicular to which) belong 
curvatures which are stationary with respect to those of adjacent 
sections. These directions are called principal directions of curva- 
ture, and the corresponding values w,, wy, w3 of K principal 
curvatures. In general, that is when the three w’s are distinct, 
the principal directions are uniquely determinate (ellipsoid with 
three unequal axes); when two principal curvatures are equal 
but differ from the third (ellipsoid of revolution), e.g. w, = 
W, == ws, only the principal direction A, is uniquely determinate, 
while every pair of directions A,, A, orthogonal to A, and to each 
other can be considered principal. If the three principal curva- 
tures coincide (sphere) the curvature K is the same for all sections, 
and every set of three mutually orthogonal directions is a prin- 
cipal set. 

All this of course can be established by purely algebraic 
methods: we have only to avail ourselves of the theory of quad- 
ratic forms and their transformations. Let 


b= Byay dW, b= Biya XM eee) 


i oneet 4) 


be two quadrics, one of which at least is definite, say 4; the inde- 
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pendent variables being X' (i = 1, 2,...m). Then the following 
facts are well-known!: 
(1) If we consider the ratio 


p 


Qh SS = 


¢ 


as a function of the 4’s, and look for the values of these variables 
which make 6w = 0, we are led to the system of n linear homo- 
geneous equations 


Y; (a; — wa,) = 0 (i = 1,2,...n);.. (42) 
1 


these are satisfied by values not all null of the 2’s if and only 
if the determinant of the coefficients vanishes, so that the w’s 
are roots of the equation of degree n: 


I] Gg — oa || == 0, 2. 2 2 (43) 
called the characteristic equation. 

(2) If A‘, A“ are two solutions of equations (42) corresponding 
to two distinct roots w, w’ of the characteristic equation, there 


exists between them the relation (of orthogonality) 
2 Uy NA aes 0. 


(3) The characteristic equation (43) has its n roots w1, Wo, .. Wp, 
all real (distinct or coincident). 

(4) To each simple root w, of (43) corresponds, in the mani- 
fold V,, the ds* of which has the a,’s as its coefficients, one and 
only one direction A), whose parameters Hj, satisfy (42) forw = w,. 
With each root of multiplicity » (> 1) we can in an infinite 
number of ways associate yp mutually orthogonal directions in 
V,,, whose parameters are independent solutions of equations 
(42) when we give w the value of the said multiple root. 

From all this there results that it is possible in every case 
to set up at least one set of m mutually orthogonal directions 
A, (h = 1, 2,... ), (uniquely determined in the general case, 


1For proofs, see for example: Branout, Leziont di geometria analitica, 
Appendix; (Pisa: Spoerri, 1915): or Bromwicu, Quadratic Forms and their 
Classification ... (Cambridge tracts on Mathematics... No. 3). 
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in which the roots of (43) are all simple), the parameters X, of 
which satisfy the system (42), with w equal to the corresponding 
Wh: 

By means of these A,’s we can obtain the so-called canonical 
expressions. We begin by introducing the moments 


Mi = pag a ee Se ae ee 
ne 
and observe that, by associating with the n identities 
DM day = I = LSA. 3 10) 


the 4n(n — 1) conditions of orthogonality of two different direc- 
tions A,, A, of the n-ple set 


AG Aa 0 (ere), 
i 
we obtain altogether the n? relations 


x; ri, rej == 3; (h, k — ie 2, eee n), 
1 


which express the noteworthy fact that the n? parameters ri, 
of an n-ple orthogonal set are the elements recvprocal (in an algebraic 
sense) to the n? moments in the determinant || dj); || which they form; 
and vice versa that the moments are the reciprocals of the parameters 
in the corresponding determinant || ri, || (cf. Chapter IV, § 6). 

Further, besides the relations just written which refer to the 
columns, their analogues with respect to the rows also hold good; 
these may be written 


Dy Ay Any Oe) ie GG de 
al 


Taking account of this, if we multiply (44) by A), and sum 
with respect to h, there results immediately 


On = Xp, Anyi Xn \x (2, k= i 2, ans n), . (46) 
1 


which are expressions for the fundamental tensor ay, in terms of 
the moments of any orthogonal n-ple set. 
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Consider in particular the. n-ple set (or one of the n-ple sets) 
,, the parameters of which, dj, satisfy (42) where, for each index 
h,w = w,. These equations, in virtue of (44), may be written 


Sa = Op Anyi (A, ¢ = i i 2, sions n). 
i 


Multiplymg by A,,,, and summing with respect to the index h, 
while attending to (45), we obtain the canonical expression for 
the a;,.’s to be associated with (46), viz 


a hee, Anji Ane (2, n= i 2, arses n). ° (47) 


After this the simultaneous reduction of the two quadrics to 
orthogonal form is easily effected by substituting for the original 
variables A’ the n linear combinations 


ep —— z, Air’ (h = jie 2, oo OD n). . (48) 


In fact, when we substitute in (41) the values (46), (47) of the 
coefficients, taking account of (48), there results 


d = xy, be ob = dy, @), oe . . . (49) 
1 1 
The condition that the d'’s should be parameters, that is to say 
that the expression (41) for d should have the value 1, becomes 
in the new variables 2, X),%2 = 1. The mode of variation of ¢, 


1 
when the 2’s are parameters of direction, is identical with that 


of the ratio 2 when the variables are independent; or, if we 


wish, of the eae os b= Ene 2,7, when the z’s are connected 
the relation =, a ae 


Moreover, ths stationary values of % in these cases are pre- 
cisely the roots of the characteristic equation (43). 
The form 


b= By ay ddI 
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is an obvious generalization, for any value of n, of the expression 
(40') for K, which defines the local distribution of curvature in 
a Vz. 

The above considerations manifestly apply also to the 
behaviour of the curvature K when the direction of the section 
is supposed to vary, a topic which has already been discussed in 
a more elementary way. 


13. Geodesics infinitely near a given geodesic. 


We shall conclude this chapter with a discussion of the 
extension to n dimensions of a classical formula due to Jacobi, 
which defines in a very simple way the aggregate of those geo- 
desics g of a surface which are infinitely near a given geodesic 
B, called the geodesic base. Jacobi gives the linear equation 


? 
zat Ky = 0, (J) 
where y denotes the distance (normal) of any point M of g from 
the base, o the arc of the base measured from an arbitrary origin 
O up to the projection P of M upon B, and K(c) the Gaussian 
curvature of the surface at P. 

(J) is simply, in Poincaré’s phrase, the equation of variations 
of geodesics starting from B. There can be deduced from it, as 
we know, some very remarkable consequences with respect to 
the behaviour of geodesics in the immediate neighbourhood of 
the base, the nature of the surface intervening only through its 
total curvature K. This is obviously an intrinsic question, 
depending entirely on the metric of the surface (as defined by 
its ds”), and not at all on the different configurations which the 
surface can present in space. 

It naturally suggests itself that we should try to extend the 
study of this subject of geodesic deviation to a Riemannian 
manifold V,, of any number of dimensions. We have long had, 
of course, the equations of Lagrange defining the geodesics of a 
V,,, in a form the convenience of which, whether from the point 
of view of theory or of notation, is all that could be desired. 


1See, for example, Darpoux, Théorie des surfaces, Vol. III (Paris, Gauthier- 
Villars, 1894; new impression 1923), Chap. V; or BuascuKe, Vorlesungen tiber 
Differentialgeometric, Vol. I (2nd edition, Berlin, Springer, 1924), §§ 83-88. 
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These equations we may therefore use for the purpose of forming 
the equations of variations. Then with the help of Bianchi’s 
idea (Chapter V, § 26) of the derivative of a vector attached to 
the points of a line of V,,, we reduce these equations to a condensed 
form, geometrically suggestive and of course invariant. The actual 
construction of the equations (linear of the second order, ” in 
all, with the same number of unknowns) requires no further 
data than the base B and the metric of the manifold (especially 
_Riemann’s symbols) along that curve. 

We find that this system of equations admits a linear first 
integral, which in its turn leads to a linear relation in finite terms 
among the unknowns. We are thus left with a system of n — 1 
equations or, in the special case of an ordinary surface, with a 
single equation, as in Jacobi’s classical result. 

To bring the final system of equations to as simple a form 
as possible we have to make a suitable choice of variables. Now 
we have already seen (Chapter VI, § 11) that it is possible, begin- 
ning with any co-ordinates x, to define new co-ordinates y in 
terms of which ds? becomes locally Cartesian, in the sense that 
the derivatives of the coefficients a,, all vanish at an assigned 
point O. We have also seen (Chapter VI, § 11, footnote) that it 
is possible, any curve B being given, to choose co-ordinates y 
for which ds? has this locally Cartesian character at every point 
of B. When B is a geodesic, the system of co-ordinates y which 
(§ 17) will finally be used has the following properties, which we 
merely state here without proof.1 Let M be any point in the 
immediate neighbourhood of B, P the orthogonal projection of 
M upon B. Then y, is the arc of the base B measured from an 
arbitrary origm O up to P; the y,’s (a = 1, 2,...”— 1) may 
be regarded as components of the elementary vector PM in 
nm —1 directions mutually perpendicular and all perpendicular 
to B, chosen arbitrarily at O and carried by parallelism 
along B. 


14. Geodesic deviation in an »-dimensional manifold. 


Consider, along with the geodesic B, any other geodesic g 
(more precisely, an are of g) belonging to the immediate neigh- 


1 For a complete development of this point, compare the paper “Sur lécart 
géodésique ” in Mathematische Annalen (Vol. 97). 
(D 655 ) 15 


210 ABSOLUTE DIFFERENTIAL CALCULUS 


bourhood of B.1_ Corresponding to every point M of g, take the 
point P of B having the same y, as M and the rest of its y’s = 0. 
It is important for what follows to fix precisely the relation 
between an elementary arc ds of g and the corresponding arc 
do = dy, of B. Throughout the neighbourhood of B we have, 
for the coefficients b,, of ds? in terms of the co-ordinates y, the 
Euclidean values 


biz = 0 (0 = k), b;; = 1; 


neglecting quantities of the second order. 
It follows that for any curve whatever 


dy 
= 1 3, ¥ 
aie (4), 


the quantity under the radical differing from its exact value only 


by terms of the second order. For g, both the y, and the us 


Yn 
may be regarded as infinitely small. It follows that 
OS saa US rae 
dy, do 


to a second approximation—a generalization of the elementary 
fact that a segment infinitely near (with respect to direction) 
a given right line differs from its projection on the line by an 
infinitesimal of the second order. 


15. Invariant form of the equations defining geodesic deviation. 


We have now to form the equations defining in general co- 
ordinates the behaviour of any geodesic g infinitely near B. 
Put 


w= (0) +g . . . . (60) 


where the €'’s and their derivatives with respect to o are infinitely 
small. 
The €'’s represent the increments of the co-ordinates «, of 
a point P of B which passes to a corresponding point M of g: 
they can be regarded as the contravariant components of the 
1In the strict sense, that is to say, with the understanding that not only are 


changes of position of corresponding points on B and g to be small, but also 
changes of direction of corresponding tangents. 
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elementary vector PM = §. Adopting a more general point of 
view, we shall now regard this vector as not necessarily perpen- 
dicular to B, its orientation depending on the law of corre- 
spondence between the points P and M of our two geodesics. 
We can therefore no longer assume that the elementary arc 
ds of g is (as in § 14) equal to the corresponding are do of B; 
but, the displacement in question being always infinitely small, 
we can foresee all the same that, if we put 


ds 


Bel Aros aa) gaenckig mild) 


the elongation (or coefficient of dilatation) A remains infinitely 
small with the é'’s and their derivatives. This will be proved 
formally ina moment. Meantime, differentiate the formule (50) 
with respect toc. We have 


F dé* 
ie poe | BO! 
v $i + do ( ) 
where #; is written for — and d; for oe 
s 


A second differentiation gives 


ey Oe Speirs, 


da dea * 
From (51), d?s pe dr 
de® da 
and (50’) can be written ; 
t, — $; red = Mat 
do 


all this holds without any assumption concerning the smallness 
of A. 


Considering now A and Z as infinitesimal, and neglecting all 
Oo dn 
do 


20 
terms of the second order, we may replace ae “, = — &, by te di; 
do do 


and consequently take the equation for @; to be 


(i) # = 54 5 Oe i (08) 
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Now (Chapter V, § 24) for any geodesic g we have 


af 


2 

Multiply these equations by be , and make the following sub- 

stitutions: (50) in the {jh, 1}, (60’) in the _ a, (50’”) in the 
Oo 


OE 
doje is 
Remembering that 
5 ial: Zn { jh, a} $; dus 
since B is a geodesic, and of course retaining terms of the first 
order only, we find 


ae dd; pe 3) i a 
dot aa ate sate a 4 


e' bby, — 23 (gh, i}, = 


Next, for the sake of ae explicitly the contravariance of 
the ¢; (parameters of the direction tangential to B), put 


d;(c) = B (j= on Rera)y lee) 


The equations just obtained (if we also change the indices 7 and 
j into 7 and 2) become 


Cee Tae an 3 , dé" 
ee ea ye gene Oe 
do? do k ay J : 4) do 


n 


= Sag, A oi eA 69) 
1 0 &, 
We proceed to transform these equations for the sake of showing 
their invariant structure with reference to any change of co- 
ordinates. For this purpose we introduce Bianchi’s conception 
of the derwative vector of a vector & given as a function of the 
points of a line (Chapter V, § 26). 
‘If B is the line, the contravariant components of the vector 
Dé&, the derivative of §, are given by the equations 


(DE) = cE + Bia {it PD ERS a(rie= bl ane Seto) 
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For co-ordinates which are Cartesian either rigorously, or else 
locally along the line B, we have simply 


With the help of the vector &, it is easy to give an explicit expres- 
sion for the elongation A, without making any hypothesis as to 
its order of magnitude, the equations (50) and (50’), which we 
shall use, being exact. 

On g we have identically 


n 
Para) age he ree — a I 
1 


2 
If we multiply on both sides by (") , and replace (in the a,,’s) 
Oo 


the x;’s by their values (50) and the . z;8 by (50’), we find at 
Oo 
once (neglecting terms of the second order with respect to €) 


ds \* ad 5 hee, Pan OC ete ee lane 
See Og fo er ee Re: 
(2) i ae Ay ?; das = 1 Oa; bby & 


We have, moreover, the well-known identities (Chapter V, § 16) 


08% = 3, [ay,; { kl, ht a Dnt {a, h}}. 
1 


OX, 


If in the last sum of the expression for (<) we replace the indices 
ey 


7, h by k, | and take account of the identity just written down, 
replacing also, as in (52), 


n " n ik n : 
x; Cp dis x; Gj Pi, Ly Wnt Di 
1 z, il 

by b, by, b,, 


we find, on account of (54), 


ds \ 2 Z : 
(*) = 1423, (DEY, 
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The vector D€ is infinitely small at the same time as the é’’s 
and their derivatives. We have, therefore, by extracting the 
root, neglecting terms of the second order, and attending to the 
definition (51) of the elongation A, 


A= 


rH Ma 
s 
iS 
unt 
— 
3 
oa 
= 


(51’) 


which shows its infinitesimal character. 
Naturally D& admits in its turn a derivative vector D?§. Its 
contravariant components are defined, from (54), by 


aD 


(Ds) = Si Ea {hl, 7} bY (DEY. 


Introducing on the right-hand side the expressions (54) for (D&)’” 
and (D&)! (after making some literal changes in the indices), we 
obtain 


wt 
(Dey = OF (3 afih, yO E ‘) 
n d n 4 P 
+ Eur {Hl, 1} = + Dine (Rl, 7} (ih, TOBE", (65) 


the second members, like the first, constituting a contravariant 
system. Bringing out explicitly the differentiation with respect 
to o, and making some ie of indices, we can write 


as 


(D6) = Sep Sn jh rye f+ Bo, (55’) 


where we put for brevity 
= ( SOU Ty 55 db! 
rely) as ’ ? iBLh ¢k esi 
= >in Ow) b'b E a Zig {Uh r\ ‘ ae 
+ Eaaa (Uh, 0} (ak, 1) Bo? EF 
1 


We may note in passing that, in the auxiliary quantities 2, 
the mdex 7 is purely ordinal: we have placed it above, but in 


brackets, so as to avoid the suggestion that the Hs form 
a contravariant system, which they do not. 
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For our purpose it is sufficient to replace in E") the derivatives 
ue . 
é = ¢,by their values 


— Si, (ih, 1) BB, 
ch 


as given by the equations for geodesics (Chapter V, § 24), so that 
we may write 


BO = Su es: Too gt 
i x 


h 
+ Snel (th, 7} (ik, Y — {Ik r} (ah, U1 bE E66) 
x ; 


If then we add ©" to the two members of equations (53), attend- 
ing to (55’) and to the definition of Riemann’s symbols (§ 2), 
the equations take the invariant form 


(Dee — Py = Sigg (iy (= 1,2,...m), 61) 


16. Geodesic deviation. Specification of the differential system. 
First integral. Linear relation in finite terms. 


The system (57), taken along with the value of X given in 
(51’), contains » + 1 equations, with the same number of un- 
knowns; but it is easy to foresee, from the method of obtaining 
it, that it cannot by itself determine completely all the unknowns; 
there ought to remain an element of indeterminateness arising 
from the arbitrary nature of the law of correspondence between 
the points P of B and M of g. More definitely, we can prove 
that the definition (51’) of A, or rather the relation derived from 
it by differentiation 

d ( n 

— <A — &, (DE)" | gol) Peta, VDL e) 

da | 1 
is a consequence of equations (57) themselves. To establish this, 
note first that, for any vector v whose contravariant components 
are v’, we have 


bl 3, 0. = s, ue 6 + S, vu" tog 
1 do 1 do 
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But the derivatives a of the moments of a geodesic B satisfy 


the equations (Chapter V, § 24 and § 26 (52’)) 


db we ae } 
ie —— Znim h\b b, 


which express, we may say, the autoparallelism of the geodesic 
B in terms of its moments b,. The preceding identity, after inter- 
change of the indices / and 7 in the last sum, therefore takes the 
form 
OSs ier AS: yl tG Mate eet) 
CO 1 if 

In virtue of this equation, the first member of (51’’) now becomes 
(if we replace the vector v by D&) 


ve s a; (D°S)" b,. 
do 1 


That this expression vanishes we can easily prove from equation 
(57), making use of the properties of Riemann’s symbols, as 
follows. Multiply both sides of (57) by 6, and sum with respect 


to 7, noting that &,b,6" = 1. The right-hand member can be 
1 


written n 2 
— Linery {i, hk} dy, bP BF B" E*. 

a 
We now sum with respect to 7, thus changing the Riemann 
symbol to the symbol of the first kind, and then make use of the 
antisymmetry of (vp, hk) in 7 and p (§ 4), from which it follows 
that the sum is zero. 

Hquation (51’) is therefore simply a particular integral (or 
invariant relation) of the system (57); its role reduces to that 
of fixing one of the constants of integration. As the system (57) 
contains m -+ 1 unknowns, to make it determinate it is necessary 
to associate with it some other condition—a circumstance easy 
to understand from the geometrical point of view, since we have 


still to fix the law of punctual correspondence between g and the 
base. 
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From a formal point of view the easiest way to complete 
the system (57) is to cut out the unknown A by putting 


a _ 
che 


The equations (57) are thus reduced to the normal form (Chapter 
III, § 2) 


(DE) = —Sap{ir, AO EE = (# = 1,2...0); (D 


0. 


and we see that, on account of the identity (51’’), the system (1) 
admats the first integral 


2. (DEY be = A = constant, 2°. (I) 
1 


expressing the fact that there is a constant linear dilatation 
when we pass from any arc of B to the corresponding arc of g. 
Since, on account of the identity (58), the first member of 


the integral (II) is simply the derivative of &, €” b,, it follows that 
1 


every solution of the differential system (I) gives also 
Peau = Nora... es et (ETT) 
1 


where C is a second constant. 
If in particular we take A = 0, we see that we can associate 
with the differential system the relation 


y Hap a eso a 
1 


This gives the translation into analysis of the obvious geometrical 
fact that we can assign the correspondence between the points 
M ot g and P of Bin such a way that the (infinitely small) vector 
PM will have its orthogonal projection upon the tangent t to 
the base at the point P equal to a constant C. Such a law of 
correspondence implies, in virtue of (IL), that there is no altera- 
tion of length (A = 0) as between the arcs of B and the corre- 
sponding ares of g. To particularize still further, if C = 0, 
we arrive at the orthogonal law of correspondence (PM perpen- 
dicular to B) considered in § 13. 
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It is scarcely necessary to add that, in order to substitute 
other geometrical laws of correspondence, we have only to 
associate with the system (57) the analytical translation of the 


law chosen, instead of the law - = 0. For example, if we wish 
Co 
PM to be inclined to B at an angle % (constant or a given func- 


tion of o) the additional equation will be 


ine 0 =e COry, 
1 


where oo | VB ay, &' E | 


represents the length of the vector &. 

In a case like this, some slight supplementary discussion of 
the complete system will be needed—its reduction to the normal 
form, determination of the number of constants of integra- 
tion, &c. 


17. Reduced form of the differential system (I) in terms of 
the co-ordinates y. 


We now return to the co-ordinates y, and fix definitely on 
the orthogonal law of correspondence between the base B and 
any geodesic in its neighbourhood. As we have just seen, such 
a correspondence is expressed analytically by the differential 
system (I), with the specifications A = C = 0 of the constants 
of integration connected with (II) and (III). 

As remarked in § 14, the co-ordinate y, of M is identical with 
that of P. Since the other co-ordinates y, (a = 1, 2,...n — 1) 
of P are 0, the variations y' of the co-ordinates y are respectively 


setae (aaah), He 0; 


thus justifying the name of Cartesian components of the normal 
displacement or deviation PM = yn which we give to the y,’s. 
dy, of the base B vanish 
do 

for2 = 1, 2,...%— 1; and 6” = 1. Christoffel’s symbols also 
vanish along B, as well as their first derivatives with respect to 


Moreover, the parameters b’ = 
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o (or, what comes to the same thing, to y,), and consequently 


d Yr 
Dny = —!. 
Oe eat, 
Equations (I) thus become 


n= 
ie = 3 fname Sai Ly 
1 


n—-1 
0o= — %_{nn, nB\ Yo, 


where, in both sums, we have suppressed the term corresponding 
to the value n of the index, since every Riemann’s symbol 
which has its last indices equal vanishes (§ 3). 

The first group (I') (comprismg n — 1 linear equations of 
the second order) defines the n — 1 Cartesian components of the 
(normal) deviation PM. The last equation reduces to an identity, 
as may be seen as follows. Riemann’s symbols of the second 
kind are in all cases connected to those of the first kind by the 
relations 


(ij, hk) = z, ay, {ar, hk; 


we have, moreover, for the symbols of the first kind (§ 4), 
(4, hk) = — (92, hk). 


In our case the coefficients a,, of ds? reduce, on B, to 0 (for r + 9) 
and to 1 (for y=). We have therefore, on the base, equality 
between symbols of the two kinds whose indices are the same; 
and, in particular, 


{nn, nB} = (nn, nB) = 0. Q.E.D. 


Of course, the integral relations (II) and (III) are of no further 
account, being now identities on account of the vanishing of the 
b’s (¢ = 1,2,...n—1) and of the mth component €” = 7” of 
the displacement PM. 


18. Case of nm = 2 — formula of Jacobi. 


For n = 2, that is to say for an ordinary surface, i B is 
the eee base, y¥, = the are o, and y, (= y) the normal 
distance from M to B, the system (I’) reduces to the single 
equation 


We — {21, 21} y. 
da* 
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Now (§ 9) for any co-ordinates whatever, the Gaussian curvature 
K of a V, is expressed by the ratio 


(12,12), (2 21) 
a a ‘ 


a denoting the discriminant of the ds? of V9. 

For our co-ordinates, which are Cartesian along B, a = 1, 
~ and Riemann’s symbols of the second kind are (§ 17) the same as 
their homologues of the first kind. The equation defining y is 
therefore none other than the equation of Jacobi (§ 18) 


d*y 
Ie + Ky =-0. 


CHAPTER VIII 


RELATIONS BETWEEN TWO DIFFERENT METRICS REFERRED TO 
THE SAME PARAMETERS; MANIFOLDS OF CONSTANT CURVATURE 


1. Differences between Christoffel’s symbols relative to two 
different metrics assigned to the same analytical manifold. 


We introduced in Chapter IV notions of tensor, covariance, 
&c., relative to an analytical manifold V,, i.e. to the aggregate 
of n variables x, %, ... X,; we then, in the third part of the 
following chapter, considered the metrical manifolds obtained 
by associating with an analytical manifold V,, a specified (but 
arbitrary) positive and definite differential quadratic form. 

There is clearly no reason against assigning in turn to the 
same analytical manifold two distinct metrical determinations, 
defined by the two quadratic forms + 


nv 


AS Dag de. dt, AP eee 
it 

ds’? — Disp Cin dx; dx, . . . . (1’) 
af 


1As a geometrical interpretation, we can think of two distinct V,’s whose 
points are in one-to-one correspondence, so that a set of m values assigned to 
1, Hg) +++ ©» can be represented either by a point P of one, or by the corresponding 


—— 
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From each of these forms we can obtain a set of Christoffel’s 
symbols, which we shall denote by 


{th,r} and {th, r}’ 
respectively, and from these we can construct Riemann’s symbols 
{ir, hk} and {ir, hk}’, 


and the analogous symbols of the first kind. In this chapter we 
propose to find the relations between the symbols relative to the 
two metrics, and then to apply the results to geometrical con- 
siderations. ; 

We shall begin by forming the differences 


Rd Rien Lg ae er (3) 


we shall justify the positions of the indices on the right by showing 
that the p’s constitute a tensor covariant with respect to 7 and 
h and contravariant with respect to 7. 

To prove this, consider an arbitrary contravariant system 
€’ whose elements are functions of position, and a system (also 
arbitrary) of increments dz, of the independent variables. We 
know (cf. Chapter V, § 26) that the expressions of the type 


T — dé” + Lin {th, r\ &' da, 
1 


constitute a contravariant system. The same result is of course 
true for the analogous expressions corresponding to ds’? 


7” = dé" + Li, {th, rE" day, 
1 
and also for the differences 


n 
, , r i 
cr — 7 = Lg pin £' da,. 
1 


The fact that this expression is contravariant means that, 
denoting by vw, an arbitrary covariant simple system, the expres- 
sion n n 

D(x" — 2") th, = Lewy pln Eda, u, 
1 1 


point P’ of the other. E.g. a map and the surface of the earth are two V.’s with 
different metrics (one is Euclidean, the other not), and to every pair of values, 
(for the latitude), (for the longitude), correspond one point on the map and one 
point on the earth. 


222 ABSOLUTE DIFFERENTIAL CALCULUS 


is an invariant; and if we examine the right-hand side of this 
equality we see that its invariance requires that pj, should be 
a tensor of the kind stated. 

It will be convenient for subsequent purposes to introduce 
also the associated covariant system 


n 


Ping = 2 Uy Pi RO ates 4d) 


2. Differences between the covariant derivatives. 

Given a generic tensor AD where as usual (7) and (h) denote 
the aggregates of m indices 2, . . . 7, and pw indices h, . . . h, respec- 
tively, we can consider its covariant derivatives with reference 
to either the first or the second fundamental form, i.e. with 
respect to either ds* or ds’*. A generic element of the system 
obtained by differentiation relative to the first form will be 
denoted as usual by 4, » and the analogous expression relative 
to the second by Sri 


a : . We wish to evaluate the difference 


(h)\ / (h 
(45) koe eee 
To find it we can use the explicit expression (Chapter VI, 
formula (4)) for the covariant derivatives of a generic mixed 
system. These are linear in Christoffel’s symbols, so that the 
differences in question will be linear in the p’s; the expression 
for them will be 


( @oy! (h) > > j A? 
Aw )i— Aa = — hy, 17 Pak +++ tg-13 ta41--- tn 
(3) 


asa iehaae esis sete 
SY oH he 4 1 B-1/ “B+ 
as 1 Oe (i) 


These general formule can also be obtained, without using 
any special memoria technica, from the original definition of 
covariant differentiation, with respect to a given fundamental 
form, of a generic tensor. It is therefore well to remind the reader 
that, for an arbitrary displacement dz,, we assigned to the 
symbol d, when prefixed to a function of position, the usual 
meaning of the infinitesimal increment (the differential) caused 
by the displacement (cf. Chapter VI, § 1); while for a generic 
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vector § and its contravariant components €” we assumed 
n 
dé" ae Din {ih, r} ge da,; . . . (4) 
. 


i.e. we defined the expressions dé” as the increments dependent 
on parallelism. All of this referred to the metric (1), which was 
then supposed fixed once and for all. We can of course follow 
the same procedure taking (1’) as the fundamental form; but to 
avoid ambiguity it will be well to denote by d’ the increments 
of the €”’s due to the same displacement as before, so that we 
shall have rc 
dE" = —Da{th, rE da. . . . (4) 
a 


It will also be useful to introduce the operator 
a = d —d: 


Since for functions of position d’ and d have the same meaning, 
we have 


d*f = 0 


for any function of position f; for the contravariant components 
of a generic vector § we have, subtracting (4) from (4’), 


dé” — — Ds, ph Eda, (ry = 1,2,...m). « (5) 
a! 


Similarly, given the covariant components wu, of some other 
vector u, we find that 


n 


iy J 
dtu, = Ly P, 4 
a 


ie Mae, a. HED ) 
Now, in order to prove (3), we need only consider the invariant 


multilinear form F' whose coefficients are the elements of the 
(h) 

. ()|h? 
(45)) , are merely the coefficients of df and d’F respectively. 
If now we take the identity 


Fh EO OO” 6) 


given tensor yo we know that the covariant derivatives A 


and apply the operator d* on the right, using the property 
d*f = 0 for any function of position f, and (5), (5’), then 
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equating coefficients of like terms on each side we get 
formula (3). 

As a very simple application of this process, we shall deter- 
mine directly the values of the differences (A Ve A, of 
the derivatives of a covariant simple system A, We start 
from the invariant form 


pra yee Mes eee 
1 


and consider the usual generic displacement, determined by the 
increments dz, of the independent variables. We shall have, 
with reference to ds?, 


dF = Lyre Ay, é" Ez; ° i > O (8) 
1 
and with reference to ds’?, 


Le DlAr)e g"da, . . < . (8) 


Further, applyimg the operator d* to F, and remembering 
that d*A, is zero, and that d*é” is given by (5), we get 


d*F = — Xiy,A, pp, &* dap, 
1 
The identity (6) therefore takes the form 
>t (Ae Cs A, 4] Ef AL, ae >in Fate Pin ey Ax},. 
Replacing on the right h by &, and interchanging 7 and 1, 
we get the typical term on the right also in a form involving 
é"da,; hence, equating coefficients, we have 


(Ae — Ante et 2; Pri Ay. es ape) 


This is the particular case of (3) which we shall require in 
the next section. 

3. Differences between Riemann’s symbols. 

We propose in this section to calculate the differences 


Rin = {t, hk}' — far, hk}, 
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which, being differences of two like tensors, are by definition 
tensors of the kind indicated. The calculations could be effected 
directly on the expressions defining Riemann’s symbols (Chapter 
VII, formula (3) ), but the long formal expansion can be avoided 
by the followmg method. 

Let A, be any covariant simple system, and €” any contra- 
variant simple system, and consider the invariant form (7). 
Applying to it the operator! A = dd — d& with reference to 
ds? (cf. Chapter VII, § 2), and remembering the fundamental 
properties of this operator, we shall get 


AF = >, 4, Ae", 
t 
or, expanding A€é” by formula (4) of Chapter VII, 
AF —— Dirkk {ir, hk} é! A, day, 8a; 
1 


Similarly, with reference to ds’*, we can introduce the operator 
A’ = 8d’ — d3’", and write 


A’F = — Lany {ir, hk} A, day, 8x,; 
1 
and subtracting the former equation from this we get 
(A’ — A)F = — Yan, Rhy €' A, day, da, ~ (10) 
1 


We shall now obtain by another method the expression for 
the same quantity as a quadrilinear form in the quantities 
£' A, da, Sx,, and hence, equating corresponding coefficients of 
the two forms, we shall find the expression for Rj;,;.. 

Note first that 


Ma Aas Wd! on. d'8') (04 a0} 
eufi'd’ a. Od) = (d'Bia- gd): 


Since the second expression in brackets is obtained from the first 
by interchanging d and 4, we need only calculate the expression 


1To avoid ambiguity we have here replaced the symbols 6 and 6’, used in 
Chapter VII to denote two distinct systems of increments, by d and 6 
respectively. 
(D 655 ) 16 
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for 8’d' — 8d. Further, in making this calculation we can ignore 
all those terms which remain unchanged on interchanging d and 
5, since they will disappear when we take the difference; we shall 
denote them collectively by X(d, 8). 

Introducing the notation 


d’—d = d*, 3'—8 = &, 


we have 
o’d’ = (6 + 6*)d’ = dd’+ d*d’ 
= o(d + d*) + d*d’ 
= 6d-+ 6d* + d*d’, 
so that 


o’d'— 8d = dd* + d*d’. 
We therefore get 
(A’ —A)F = 8d*F + 8*d'F — (dd*F + d*0'F). 


To calculate the first term we first apply the operator d* 
to the form F, remembering d*A, = 0 and (5). We get 


Ci, Dd pate” 
1 
aan Sine A, pin, €' day, 


Applying the operator 6 to this form we get, from the definition 
of covariant differentiation, 


Od*F = — Din (Ay pine F' dary 8y, 
1 


nv 7 


=e Pint Pink EA, da, 8a, — Zin Pin Aix ise Ax, SX, 
Observing that the second sum can be written in the form 
Ein a; |e OX, Si pin € "da, 
we have, applying (5), 


Od*F = — Yin Pin|k E'A, da, da, + Xy, A,,);,0%, 0%". (11) 
1 1 
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To calculate the second term 8*d’F, we apply the operator 
d* to (8’), and get 


S*d’'F = ©, (Ay), €” S¥da, +E, (A,), S*E" day. 
s IZ 


In the second sum, we can substitute for (A,), the expression 
given by (9), and we get 


ord Fi =, (A,)y © o8 da, 
1 
“hag Anty OF 6) G0. Dee Pix A; geen da, (12) 
1 1 


We must now add (11) and (12). In doing this, we notice 
that the first sum in (12) is symmetrical in d and 8, since expanding 
6*dx, by (5) it can be written as 


= ~rnin (A,); €” pi, da, 52; 


while the second sum in (12) and the second in (11) change one 
into the other if we interchange d and 34, so that their sum is 
symmetrical. There remains therefore 


od*F + d*d'F 
= X(d, 8) — Linx Pin yx E" A, day, Say, — Linx pry A; S*E" day. 
1 1 
In the last term we substitute for 6*é” its explicit expression, 
so that it becomes 
7 Dirutn Pri Pin € A; 52, day. 
In order to be able to collect the terms in the two sums with 
the common factor £' A, da, 52,, we apply the substitution for- 


mula (; i ') to the indices in the last sum, so getting 
lirkh 


od*P + o*d F = X(d, 5) re Ditirk [Pin |x = % Pin Pil SA; day, Xp. 
1 


The expression obtained by interchanging d and 6 on the 
right (remembering the definition of X) is 


x (d, 8) a. Dir [Pin [eine % Pin Pil é "A, 52, Ax. 
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Interchanging h and k in the second of these, and subtracting, 
we ee finally 


— A)F 
= ss Dt LPin |k Pit |h a 3, (Pin Pik — Pir pin) g : A, dip, SXy. 


Comparing this with (10) we get the required formula: 
ine = 100, kh’ — {u, ie 


= Pin |x a Pit |n = 3, (Pin Pi => Pe pin) m7 (15) 


which expresses the differences between Riemann’s symbols of 
the second kind in terms of the differences between Christoffel’s 
symbols. The analogy between this formula and that defining 
Riemann’s symbols (Chapter VII, formula (3) ) should be noted. 

If we contract (13) by multiplying by a, and summing with 
respect to 7, and then use the formula 


n 


Pinjlk = a Dy Pin|k 
obtained by covariant differentiation of (2’) with respect to ds?, 
we 5 the covariant system 


z, Dy Rix = Pinj | — Pitj |r — > (Pinj Pir — Pir Pin): (14) 


It is to be noted that this does not give the differences between 
Riemann’s symbols of the first kind. In fact, substituting on the 
~ left the expression for R%,,, (14) becomes 


zs, yf tn, hk\’— (ij, hk) 


= Pihj | — Pikj\|h 2 (Pury Pit —_ Pir Pin)» (14’) 
and the first sum is not the same as (77, hk)’, which would be 
2,.a;,{ir, hk}. 
1 


4. Case of two metrics in conformal representation. 


We shall now apply the formula (14) to the case in which the 
two fundamental forms (1) and (1’) differ only by a factor. As 
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both forms are positive, this factor must also be positive, so 
that we can denote it by e?7; we shall therefore suppose that 


OS cece seer eae ee (Ly 
or ds’ = eds. 


The geometrical interpretation of this condition is quite 
simple, namely, that the correspondence between the two mani- 
folds is such that infinitesimal segments are proportional, or 
there is similarity of infinitesimal parts. It follows that the 
angle between two curves (the angle between their tangents 
at the point of mtersection of two infinitesimal elements) is equal 
to the angle between the corresponding curves; hence the name 
of conformal representation. 

In order to calculate (14), we shall obtain in turn, first, 
Christoffel’s symbols of the first kind for the two forms, then 
those of the second kind, from which we shall get the pi;’s, 
and lastly the p,,'s and their derivatives. 


We start from the relations equivalent to (15) 
Aj, = & dy, (erie LO een) Cored (15) 


U 


and shall calculate the symbol [vh, []’. We get 


Oda 88 e 0a, 
° 2 ail il ma UE tn th 
[eh, 1 : EB oh Ou; oe 


= Jer E Dy as Op, | 


OX, O02 OX, 
ee E sas + &, gs Chip, =| 
OL), Ou, Oxy 


= €7 ([th, 1] + a7), + 7; — %, 71), 


Or 
where 7, stands for _—, &c. 
Ly, 


To construct the symbols of the second kind, or 
{th, r}’-= Zia’ (th, TY, 
1 


we observe that the coefficients a’” are, by definition, expressible 
as the quotient of a determinant A,, of order n — 1 (the comple- 
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mentary minor of a,, in the determinant || a, || ) by a determinant 
a’ (namely, || a,, || ) of order n. Remembering (15’), we see that 
in these determinants we can take out a factor e?” which is 
common to every element, so that we can write 


ae — gt (n-) AD a = &™ a, 
where A,, and a denote the determinants corresponding to A 
and a’, but relative to the coefficients a,,. We thus have 
qi — e72t aq” 
% ? 
and therefore 
n 
Gh Pee a a” ([th, + agt, + ant; — %n,7;) 
= Sth, r\ 2) On Shits Opitg allay, Eee 


where the 6’s as usual denote a factor which is 0 or 1 according 
as the indices are the same or different. 
The difference {ih, r}’ — {th, 7} is therefore given by 


Pers CLT nT) ay Te Pawar at EG) 
Multiplying this by a,, and summing with respect to r, we 


~ get (using (2’) ) 
Pinj — a; Th ab On; T; Se, Tj. 5 A G (16’) 


By covariant differentiation with respect to ds? we get 
Pinj |x = %yj Thre ae nj Tite — Uh Tins 
subtracting from this formula the analogous one obtained by 
interchanging h and k (so as to form the first part of (14) ), and 
remembering that 7, = 7,,, we find that 
Pitjie — Pirjin = yj Tie — Ce Tr — Gn Te + Ae Tihs (17) 


The second part of (14) can be constructed with the help of 
(16) and (16’). We shall first calculate 


n 


n 

ees 1 y l 
Da Pinj Pik = x, (a 4 Th I Oh aie Oe T;) (5; 7% + 8,7; — a7’) 
1 1 


—= Oy Th Te + Oy 7:7, — Une Th Ty One Ty, Tey An; T; Te 


Wi yg AT ip, 7) Te — Uy T}T A Uae Tj Th 
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where Ar = &,7;7' (the first differential parameter). The third 
1 


term and the last term cancel out. Denoting by X the aggregate 
of the four terms underlined, which are unchanged if we inter- 
change the indices h and k, we can write 


n 
Mer 
> Pinj Pi = — Ay, Oyj At + On; Tp T; — Ay,7; 7, + X. 


We shall now subtract from this the formula obtained by 
interchanging h and k. We shall get 


5, (Pinj Pix — Piej Pin) = (4, Din — Un Un) Ar 
yt, Te — Uj tate — Cnt Te + On Th Th: 
Using this and (17), we get the right-hand side of (14’) in the 
form 
— ay (Tx meee Th) Tt ix (7. ih =e} Tee Ain (Ti "7 Fx) 


— Arn UT 0 Tp) On Bin — Wn Ain) Az. 


The left-hand side of (14’), using (15’), can be written as 
e~*7 Sa, {ar, hk}! — (aj, hk) 
1 
or e~*7 (19, hk)’ — (uy, hk). 


Finally, formula (14’), for two metrics in conformal repre- 
sentation, can be written in the form 


tag (iy, hk)’ — (yj, hk) = — ai, (Tx —_ Tj Tu) + Gin (7,- Tj ‘ad (18) 
+ Op, (Ti, — Te Te) — Ope (T3,— Te Tr) — (On, Qin — Vix Gn) Ar. 


This formula was found by Finzi, by another method, as early 
as 1903.1 


1Cf. “ Le ipersuperficie a tre dimension che si possono rappresentare conforme- 
mente sullo spazio euclideo”’, in Atti del R. Ist. Veneto, Vol. LXII, pp. 1049-1062. 
The later researches of Finzi and Schouten on the manifolds of any number of 
dimensions which can be conformally represented in a Euclidean space of the same 
number of dimensions, should also be mentioned. Cf. Rend. della R. Ace. det 
Lincei, Vol. XXX (first half-year, 1922), pp. 8-12, and Vol. XXXI (first half- 
year, 1923), pp. 215-218, and Schouten’s book cited at Chapter VII,§ 1. Cf. also 
D. J. SrruiK: Grundziige der mehrdimensionalen Differentialgeometrie (Berlin, 
Springer, 1922), Ch. IV, § 13, p. 150, where Schouten’s results are given with 
bibliographical notes. 
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This formula can be given a simpler form by putting 


Ui rE", 

so that (15) becomes 1 

Nae 
Ae 


We then have 


U; =) —e-T Tis 
Vig == ——O=" (Tye — TF; Tp), 
from which we get 
fe ae, Win 
Aig OC ee Ty aegis aes area 
n A n : Au 
Ar = diy a" 7, Ty => e2T Dix a U; Un = e277 Au = Sak 
z 1 uU 
Thus (18) becomes 
ner; es 
wu? (ij, hk)’ — (aj, hk) 
Usp Uy, Wir Un, Au ; 
= Ay, — Ay — A, — +O = — (Qin An — Un An) ee (18’) 
U uw u U U 


At the end of this chapter we shall have occasion to point 
out an interesting geometrical application of this result. 


5. Isotropic manifolds. 


Leaving aside for a moment this order of ideas, we propose 
to study those V,,’s in which the Riemannian curvature, as 
defined in § 10 of the preceding chapter, does not depend on the 
section, but only (if it is variable) on the point. This is expressed 
analytically by the fact that the expression for K given by (31) 
of the preceding chapter is independent of the w’s and the v’s. 
We shall see that these V,,’s, which we shall call isotropic, ie. 
with (locally) constant curvature, are characterized by a parti- 
cularly simple expression for Riemann’s symbols. 

We observe first that a fairly simple algebraic combination 
of the coefficients a, which possesses the fundamental properties 
of Riemann’s symbols, is the following: 


bi, ne = Y (Gin, Din — Un jn); 


where y is a priort any function whatever of position. Everything 
reduces to proving that when these quantities are substituted 
for the symbols (vj, hk) m (31) of the preceding chapter, the 
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resulting value of K is independent of u and v. In fact, making 
the substitution, we have 
y n : 
e tai ah 
K= =P Deyn (Gin Gu — Vix Ain) WO? W of 
sm*a 1 
td . ih > j-aylt : ‘ok h 
= —_ |. Da, 0 wD avo" — Dyan u'o Dy ap! u 
: n Vin 10 Use 
sin2a [3 a 1? 4 me ‘tke itn jh ) 
and since es ye 
Da Ain, u ur — Lip Un uv Old = 1 
1 1 
n . n . 
Lyn Gy wo’ = Ly, a, vu" = cosa, 
1 1 
it follows that 
K = — [1 — cos’a] = y. 


sin2a 


Hence the Riemannian curvature of a V, whose Riemann’s 
symbols are the expressions 6;; ;,, is y, and is therefore indepen- 
dent of the section. But we can also show that this is the most 
general expression of Riemann’s symbols which will make K = y». 
In fact, if we put 

(y, hk) = by, ee By hieo 


where 6, ;,, has the meaning assigned to it above, we shall show 
that Bi; j,, = 0. To do this, we insert this expression for (2, hk) 
in (31); the right-hand side can then be broken up into two parts, 
the first of which, containing the symbols 6, ;;, 1s, as we have 
seen, equal to y, and the second, which is 

n 
a ink By ne Uv! uly, 


must vanish if we are to have K = y. 
The sum just written can be simplified if we observe that 
since Riemann’s symbols are antisymmetrical, the two terms 
By, 2 ut » j yl uv, 


ipod g/l ay 
Bi pur’ wv 


can be collected into a single term; putting 
yy én uk ye Ti 


this term becomes B iy 
ij, he UU Dare 
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Thus the sum for all the permutations hk becomes merely a 


sum for all the simple combinations (h, k) of unlike indices, since 
it is useless to consider terms with a repeated index (k = h), 
because p,;, = 0. We shall denote Le sum i only to 


simple combinations of the indices by Si instead of aa The 


quadruple sum thus becomes 
a ela 
iO 
Ly Uw Snx By, hk Phi 
i 1 


Proceeding in the same way for the indices 7, 7, we get ulti- 
mately 


n n 
Sy Six By nie Pij Pris 
rita) 


i.e. an expression bilinear in the p’s. Each summation will extend 
to m = 4n(n — 1) pairs; we shall number these (in any order) 
from 1 to m, and put 


Py = 2p) Pre = % By me = Be, yy 
(9, hk = 1,2, 6 N, By = 1, 2, hes - m), 


where B is the ordinal number of the pair 7 and y that of hk, 
so that the sum can be written 


m 
Say Bos, yy 2p 2 


It will now be clear that this expression cannot vanish for 
arbitrary values of the 2’s, unless all the B’s are zero; which is 
precisely what we wished to prove. 

We may therefore conclude that for a V,, whose curvature 
is locally constant (i.e. independent of the section) and equal to 
a given function of position K, Riemann’s symbols are neces- 
sarily given by the formula 


(y, hk) = K(ay, Vi — Aix Gn). we (49) 


Multiplying by a” and summing with respect to j, we get 
the expression for the symbols of the second kind: 


{ir, hk} = K(ay8%—a,8%). . . (19) 


The function K, however, cannot be arbitrarily assigned; 


— 
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we shall show in the following section that for n > 2 it must be 
a constant. 


6. Schur’s theorem. 


This theorem states that if the curvature is locally constant, 
at is also the same at all points. The case n = 2 is not considered, 
as there is only one section at each point, so that we cannot 
properly speak of locally constant curvature. 

We shall therefore show that the K of formula (19) is constant, 


or that ea ES ho aaa 5 


where K, represents a generic covariant derivative, identical 
(cf. Chapter VI, § 2) with the ordinary derivative. 

To prove this, we take the covariant derivative of (19), 
remembering Ricci’s lemma. This gives 


(yj, hk), = Ky (ain Din — Un Qn) 


Taking three distinct values for h, k, 1 (which is possible, 
since ” > 2), the other two relations obtained from this one 
by cyclic permutation of h, k, | can be written in the form 

(17, kl), = Ky, (ay Ay — Ay Ax), 
(J, th), = Ky, (aa An — Bin % lk 


Adding the terms on the left and on the right of these three 
equations, and remembering Bianchi’s identity (Chapter VII, § 5), 
we get 

0 = K;, (ay, Bin — Vie Ain) + Ky, (a Ay — Ay Ax) 
+ Kj, (44 Gn — Gin Gj). (20) 


By varying 7 and j, we thus get $n(n — 1) relations, of which 
we shall now make a suitable lmear combination. Multiplying 
(20) by a” a/* and summing with respect to 2, 7, we find that the 
coefficients of K,, K,, K;,, are all of the type 

n * ale 

xy Di, dig” a, 
where a, B denote two of the indices h, k, 1; or, making the two 
summations in turn, of the type 


n n 

th je _. SRhSE 
Li; &, @ a jg” = 8, 5g, 
1 


236 ABSOLUTE DIFFERENTIAL CALCULUS 


where the 8’s as usual denote either 0 or 1. These quantities are 
therefore always zero, unless we have simultaneously a = h, 
B = k (which happens in the coefficient of the first term), in 
which case the value is 1. Our linear combination of the equations 
(20) thus reduces to | 

Ka ==4 0. Q.E.D. 


7. Canonical form of ds? for a manifold of constant curvature. 


Given a Euclidean space S,, we propose to find, if it exists, 
a manifold V, with constant curvature K, which can be con- 
formally represented on S,, or in other words (cf. § 4) such that 
its linear element is given by 
2 
ds’? = ee 


> 
Whe 


where ds is the element of S,. We shall see that this is always 
possible, and the solution of the problem will lead us to assign 
two important forms for the ds? of a manifold with constant 
curvature. ; 

Keeping the notation of § 4, we shall have for Riemann’s 
symbols for the V, the expression (cf. formula (19) ) 


oe , , fe , K 
(yj, hk)’ = K (aj, Ai, — Viz Gn) = uw (Qin, On — x Ajn)s 


| and for S,, 
(4, hk) = 0, 


since for a Euclidean space all Riemann’s symbols are zero (cf. 
Chapter VII, § 2, 3). 

We must now substitute these values in the equations (18’); 
these constitute a system of differential equations the integration 
of which will give the function w. Making the substitution, (18’) 
becomes 
Vin 


Vite 
1, pt 
U uU 


— (ay, Qin — Dir A,) a 


Au+K _ 4 | (21) 


(1,95 hth = Pee) 
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These ';n?(n? — 1) equations can be satisfied by putting 
Uy = Cty (1,h = 1,2,...), « . (22) 


where ¢ is a constant; in fact, substituting these malice, they 
take the form 


1 r 
2 (Gin Aj, — Aix Gp) (20u — K — Au) = 
CG, 7 are =" 1,208 es 
and in order that they may all be satisfied, we need only make 
the common factor vanish, i.e. put 
DOU i om NO. mw ee) 
We have therefore substituted for (21) the system composed 

of the equations (22) and (22’), which holds whatever may be 


the co-ordinates x. If then we suppose, as we always may, that 
the z’s are orthogonal Cartesian co-ordinates of S,,, so that 


Z~ (eu Ou 
= 8h, Au = 2, ). ae 
ig ri (; 2 bear: 2; OI, 


our system will take the simpler form 


Seyoee ak: = hb a) (DB 

OX; OL, oe ( ) 
nv 7) 

2ou — K — 3, (2%) =e ee ns) 
1 Ox, 


We shall examine separately the two cases ¢c = == 0, ere 0: 
If c = 0, the system becomes 


07u 


= 24 
00,02, é ie) 
ho z, ()'- il eee 


and from the second of these it follows that K <0. Such a 
solution is therefore possible only for manifolds of constant 
negative curvature, since we do not consider the case K = 0, 
which has no special interest, i.e. the case when V. is itself Eucli- 
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dean. Equations (24) then give, by an immediate integration, 


Lee be ee ee) 
1 


Vie v 


where the 0,’s, and 6 are constants and therefore, substituting 
in (24’), 
be 2b 70, oe ee > eB 

1 
This shows that the 6,’s are not all zero, and that therefore, 


by applymg an orthogonal substitution to the co-ordinates,1 
(25) can be put in the form 


Wik a (& constant) 


so that (25’) becomes 
Ko ee ==- 0; 


or k = /—K. We therefore have 


u=J/—K Hie 
and therefore 


(26) 


This is the canonical form of the line element of a manifold 
of constant negative curvature. It was found by Beltrami? in 1868 
by another method. 

Another type of solution which holds for any value of K 
whatever is obtained by supposing ¢ + 0. (23) gives us the two 
groups of equations 


02u 3 

5a OE ene a 
02u ° 5 
ie Soe ee ee 


nr 
1 The hypersurfaces wu = constant, i.e. 4, by xy = constant, are a set of parallel 
1 


hyperplanes; we need therefore only choose the axis win the direction perpen- 
dicular to them in order that their equations may take the form x, = constant, 
and therefore that uw = k ap. : 

2 Opere matematiche, Vol. I, p. 419. Milan, Hoepli, 1902. 
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The first group has for its general integral 
Uu = x, X;, DB arr) OU mer (28) 
1 


where X; is a function of 2, alone. 
The second group gives 
Xi = 6, 
where differentiation is denoted without ambiguity by dashes, 
since the argument of X; is x; only. 
From this, integrating once, we get 
X; vo C(x; = x), 


where the arbitrary constant of integration has been put in the 
form — cz’, using the hypothesis c == 0; and integrating a second 
time 

DC 5 (5 — a})® + 


where 6; isa constant. Substituting from this in (28) and putting 


6 = &;6; we get the following expression for w: 
1 
= 5 Sie eee 6 ee 29) 
1 


containing n + 2 arbitrary constants. 
We still have to consider (23’); substituting in it this value 


of wu, it becomes AK aslo) ae te eee operi(93"") 


and therefore’ merely establishes a relation between the two 


constants ¢ and b. 

We have therefore obtained a solution containing n+ 1 
arbitrary constants; we can choose these to satisfy specified 
conditions at a generic but fixed point O of S,. E.g. suppose we 
wish to take the 2}’s in such a way that all the w,’s are zero at 
the origin. We have from (29) 


U, = ¢(%;, — 24); 
hence every «} must vanish, so that (29) becomes (substituting 
for 6 from (23”) ) 
2; —. ~~. ~—. ~ (30) 
1 
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We can then determine c so that at the origm wv = 1; for 


this we must have ¢ = ol and we thus get finally 
UU = 1 - a3 2 . . . ° (30’) 
1 


This value of w makes ds’? take the form given by Riemann: 


x, dz,” dx.) + dx, eye da” 


n 2 
ur (1 + = 3,23) 
fey 


We shall show farther on (Chapter IX, § 2) that the ds* of 
any V,, whatever of constant curvature K can be put in the form 
(31), and also if K < 0, in the form (26); this will justify the 
choice of the term canonical forms for these expressions. 

Here we shall also prove the almost obvious property that a 
hypersphere of radius R in Euclidean space of m + 1 dimensions 


constitutes a V, of constant positive curvature K = 4 To 


(31) 


do this we shall take yo, y;, Ys, .-- Y, to denote orthogonal 
Cartesian co-ordinates in S,,,, so that 


eae te 2 |) ipa ag RE ACL. cee (G0) 
0 


Without loss of generality we can consider only the hyper- 
sphere which has its centre at the origin, and is therefore repre- 
sented by the equation 


n 
DN Raa cA ir ee 
0 
We shall prove the assertion in the most direct way, by 
expressing the n + 1 co-ordinates y of the points of the hyper- 
sphere, connected by the relation (33), in terms of 7 suitable 
curvilinear co-ordinates 7, and showing that ds? takes the required 
canonical form (31) when these parametric expressions of the 
y’s in terms of the x’s are substituted in (33). 
The parametric representation of the y’s referred to is an 
immediate generalization of that given for an ordinary spherical 
surface by stereographic projection. In this case (n = 2), if 
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we project from a point whose co-ordinates are y, = — R, 
Y, = Yo = 0 upon the tangent plane at the diametrically 
opposite point, every point (Yp, Y1, Y2) of the sphere projects into 
a point on the plane whose co-ordinates 2,, 2, are connected 
with the y’s by the relations! 


1 2 x 
——S— — > —— 1), ,=— SS bg ) 4 
v= oe G-1). w= 2 O= 19, 0H 
where 


74 
p? = 32,2. (35) 
1 


For any value of n, we shall adopt the same formule, with 
the obvious modification that v is to vary from 1 to n. This does 
in fact give a parametric representation of our hypersphere; 
for squaring and adding the equations (34), and substituting 


for &, z,7its expression in terms of w as given by (30’), namely, 
1 


2 (u— 1), we get back to equation (33). We have then, 


K 
differentiating, 
Pag ue 1 2du 
| es Pie aie? 
dy, = a, eo (p= 1, 2... 0) 
u u 


paeTne and adding, and substituting K 4 —1) and 7 du 
for z, v,2and 2%, x, dx, respectively on the right-hand Ran we 
get Grails 


ds? == 2 
which is the required result. 


1 These relations can easily be shown to be the same as those ordinarily used if 
we replace p, the radius vector of the projection, by the colatitude 3 of the point 


= ; 1 : 
on the sphere. As by definition VK y) = cos%, it follows that .= cos?49, 
p = 28 tan}. 


(D 655 ) 7, 
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CHAPTER IX 


DIFFERENTIAL QuaDRATIC Forms oF CLASS ZERO 
AND CLass ONE 


1. Forms of class zero (or Euclidean forms). 


In Chapter V, § 21, we defined the class of a given V,, (or of 
the quadratic form ds? which characterizes it) as the number 
N — n, where N is the minimum number of dimensions of a 
Euclidean space in which the V, can be immersed. 

We shall consequently say that a quadratic differential form 


ds? == Di 6 AOS oe Semen) 
u | 


is of class zero (or is Euclidean) if it is possible to substitute for 
the n variables x a set of n variables y (since N = n), connected 
with the wz’s by the relations 


Yor Ate, Doe a Da) (rie 2s ee ee) 


and such that (1) assumes the Cartesian form 


dea ie ere re Spee fll”) 
1 


Given (1) we wish to find a criterion which will enable us to 
recognize whether such a transformation is possible. We shall 
show that it is sufficient to construct Riemann’s symbols relative 
to (1), and to determine whether they vanish identically or not. 
We have already seen (Chapter VII, §§ 2, 3) that this condition 
is necessary; we wish to prove that if, inversely, all Riemann’s 
symbols relative to (1) are identically zero, then (1) can be trans- 
formed into (1’); or in other words that the n functions (2) can 
be so determined as to satisfy the 4n(m + 1) equations 


an = >) Yoli Yok (2, k= eens sie n); : (3) 


where 0 
Y, \k i dy 


(4) 


i Oa, : 


(cf. Chapter V, § 21, formula (35) ). 


— 
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By covariant differentiation of (3), we get 
0= », (Yi Yori —F Yoye Yona)» 


By cyclic permutation of the indices 7, k, l, we get from this 
the two further equations 


0= », (Yrjne Yot + Ye Yui)» 


= , (Y, ju Yate You Yr iar) 


Now add the last two of these equations and subtract the 
first. From the commutation rule (Chapter VII, § 6), combined 
with the vanishing of Riemann’s symbols, it follows that the 
second derivatives are permutable, so that we get 


>, Yy ik Yr|t = 0. 


Keeping 2 and & fixed, and making / vary from 1 to n, this 
formula gives us ” linear homogeneous equations in the » un- 
knowns y,);, (v = 1, 2,...). The determinant of the system 
is certainly not zero, since it is composed of the terms y,,;, 
i.e. is the functional determinant of the transformation (2); we 
therefore conclude that 


Yjix = 0 (piste Wipes LD tara 2), Ss ae (D) 


These equations, which we have deduced from (3), can be 
put in the form 


n 


OY: Siar , 
coelt x {tk 9} y1; ee Sie (| Y,\15 ++ Yin) (5) 


0 Le 1 


in which we are concerned only to the extent of observing that 
the right-hand side is a known function of position and of the 
terms ¥,,;. 

It is now easy to see that the problem is reduced to that of a 
mixed system of total differential equations and equations in 
finite terms which we have already considered in Chapter II, § 8. 

In fact, considering as unknowns the n quantities y, and the 


244 ABSOLUTE DIFFERENTIAL CALCULUS 


n® quantities y,),, we can collect together the equations (4) and 
(5’) into a system of total differential equations 


dy, = X% Yy re ALy; | 
z (is 3 eee) 
dy, 1; = Bie Soin («| Y, 415 Syaslic Yy\n) day, 


while the group (3) constitutes 4n(n-+ 1) relations in finite 
terms between the n?-+ n = n(n-+ 1) unknowns. 

The conditions for complete integrability, by the usual rule, 
are as follows: 


(a) OY yin ae OY, in 


OX), OL, 
(a) Os De aean be, eee 
(0) Of _ fvrin 
OL, Ox, 


(c) the equations obtained by differentiating the equa- 
tions (3) must be identically satisfied in virtue of the 
equations (S). 


Introducing the covariant derivatives and once more apply- 
ing the commutation rule for the second derivatives, the con- 
ditions (a) can be written in the form 


Yv\in — Yv\ne = linear combinations of Riemann’s symbols, 


and it will then at once be seen that they are satisfied identically, 
since the left-hand side vanishes in virtue of (5), and the right- 
hand side also vanishes, since by hypothesis Riemann’s symbols 
are Zero. 


A similar argument holds for the conditions (b), which are 
equivalent to 


‘th — Yv\ine = linear combinations of Riemann’s symbols. 
v | the v|thk 


Lastly, taking the covariant derivatives of (3), we find the 
conditions (c) in the form 


bey = >, (Y,yi0 Yj Yrji Yona)» 


and it can at once be verified that all these are satisfied, in virtue 
of Ricci’s lemma and the equations (5). 
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The mixed system is therefore complete, and it will be possible 
to find the functions (2), which will contain n(n + 1).arbitrary 
constants, this being the difference between the number of un- 
knowns and the number of equations in finite terms. In geo- 
metrical terms, if the manifold is Euclidean there are in it oo?"+) 
(orthogonal) Cartesian systems. If we can find a particular 


solution 7;, 72, .--7,, we can get the most general solution by 
a substitution of the type 


Yeo OF 2 yj (@ = 1,2,...n), . (6) 


where the a’s are the coefficients of an orthogonal substitution, 
ie. are connected by the $n(n + 1) equations 


n 


Sdgawce8T  Afarile Biswas n)ao a) 
1 


while the c’s are » completely arbitrary constants. 

This can be immediately proved from the characteristic pro- 
perties of orthogonal substitutions. In fact, from equations (6), 
differentiating, squaring, and adding, we get 


dy, = 5 Qi; dni, 
(dy;)? = 5, Ay; Oy, dn; dn,, 
z, (dy)? = Zi iy; Hi, dy; dy, 
summing the last of these with respect to 7 and using (7), we get 
z, (dy)? = 3, 3; dn; dn, = S, ne 
The hypothesis that the 7’s are a particular solution of the 
system is expressed algebraically by the equation z, dn, = ds*; 


hence we can write 


i (dy;)? = ds*, 


+ Ma 


which proves that the y’s also constitute a solution, An easy 
calculation shows that the number of independent constants in 
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(6) is 4n(n + 1), and hence the solution so obtained is the most 
general. 

It is obvious that the equations (6) are a generalization 
of the formule for changing the co-ordinate axes in ordinary 
analytical geometry. 


2. Conformal representation of a manifold of constant curvature 
on a Euclidean space. Mutual applicability of all V,,’s with the 
same constant curvature. 

In the preceding chapter (§ 7) we solved the following problem: 
given a Euclidean space S,,, to find a manifold V,, of given con- 
stant curvature which can be conformally represented on S,. 
We now propose to prove that conversely, given a manifold V,, 
of constant curvature, it is always possible to represent it con- 
formally on a Euclidean space S,. In other words, if ds? is the 
line element of a V,, of constant curvature K, we wish to prove 
that a suitable function U = e77 can be so chosen that 


ee ee ee 
; : Us 
is Kuclidean. 
The necessary and sufficient condition for this is that the 
equations (18’) of the preceding chapter should all be satisfied 


by putting ia eeu 
(y, hk) = K (ay, Ain — Aix Gn), 


and writing U instead of wu. U must therefore satisfy the 
=isn?(n? — 1) equations 


AU 
( = K) (Gin Ge — Gin On) 


vv 
U, U. LD G. 
= On ar — iz ae — Gn a + Oy, ai 
Putting 
OF = Ay (aU st B), : . : 2 (8) 


where a and f are two constants, and following the same method 
as that used in § 7 of the preceding chapter, we see that these 
equations are satisfied provided ultimately 


a K+mte 2. 


~~ 


MANIFOLD OF CONSTANT CURVATURE 247 


If we consider the equations (8) as defining all the derivatives 
of the n quantities U;, then together with the identity 


BiegD EN dvircPols SS) seals 
1 


they constitute a total differential system in the n + 1 functions 
U;, U; the equation in finite terms (9) is to be associated with 
it. It is easy to verify that we need only take a = — K inorder © 
that this mixed system may be completely integrable (cf. Chapter 
II, § 8). 

In fact, the conditions of integrability of the equations (8) 
are expressed by the commutation formule (Chapter VII, § 6) 


Vin a Din Sa zy {ir, kl} Cie a) ue (CQ) 


and those of the equations (8’) by 
Oy, = Uy, 


These latter conditions are at once satisfied, on account of 
equations (8). The left-hand side of (C), also by (8), reduces 
to 

aay, 0, — ay U;), 


and the right-hand side, using the expression (19’) of the pre- 
ceding chapter for Riemann’s symbols for manifolds of constant 
curvature, becomes 


— K(ay, 0; — ay U;). 


The equations (C) therefore reduce to identities provided, as 
stated above, we take a = — K. 

Lastly, there is the equation in finite terms (9); putting 
a = —K, this becomes 


=, UU, = —KU2+9gU.. . . (9) 
1 


Differentiating this, using formula (16’) of Chapter VI, and 
taking out the factor 2, we get the conditions 


1 


which are also identically satisfied in virtue of (8). 
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Remark.— Having thus seen that the system is completely 
integrable, we know (Chapter II, § 8) that the solution contains 
n arbitrary constants which we can choose in such a way that 
at a specified (but perfectly general) point O of the manifold the 
n functions U; take values arbitrarily fixed in advance. Further, 
the constant f is still at our disposal. 

We get a first class of solutions if we take 8 = 0, which 
makes (8) into 


Us, — — Ka;,, U. 


The hypothesis 8 = 0 is therefore admissible am the real 
field only when K < 0; in fact, for 6 = 0 the equation (9’) 
reduces to 


AU = — KU?. 


In the real field the left-hand side is always essentially positive, 
excluding the case when the function U is a pure constant, or 
in other words (on account of equations (8), which now reduce 
to Uy, = —Ka,,U) retaining the conditions K += 0. Since 
the right-hand side has the opposite sign to K, it follows that 
the equality is possible only if K < 0. 

In order to have a generally valid solution, we must suppose 
B + 0. We shall then choose 8 and the n other constants so 
that 

UF 0a (oy acess 2, reat eat) 


at the point O, so that from (9’) we see that B = a and U will 
be completely determined. : 

With the notation of the present problem (i.e. using dashes to 
denote quantities relative to the Huclidean space) we proved in 
§ 7 of the preceding chapter that if a factor wu exists such that 
the manifold for which 


ds’? 
ist) 
ur 
has constant curvature K, and if the conditions u = 1, u; = 0 


are satisfied at a specified point O (which may always be supposed 
taken as origin of Cartesian co-ordinates), then the expression 
for wis K 
“= J oa 
ay 


MANIFOLD OF CONSTANT CURVATURE — 249 


Further, we have now found that the quantity : satisfies 


a ‘ 1 1 U; 
all these dit tact — = 1.at.0, (—) = — — = 50 
conditions (in fac TT a (5). 7 
at O), and therefore we must have 
Sas 1 
‘: 1+ Ss eae 7 
a4 


An extremely important corollary can be deduced from the 
foregoing results. Given two n-dimensional manifolds with the 
same constant curvature K, both their ds?, as we have seen, 
can be reduced by suitable changes of variables to the same 
canonical form 


n 

2 
2s as, 
1 


where 


It is therefore possible by a change of variables to transform 
one form into the other; or in other words, if two manifolds of 
the same number of dimensions satisfy the single condition of 
having the same constant curvature, then either can be conform- 
ally represented on the other. 


3. General remarks on hypersurfaces in Euclidean space. 
Second fundamental form. 


Let S,,,, be a Euclidean space and y, Yo, . . - Yn41 @ System 
of Cartesian co-ordinates in it, so that 


Consider a hypersurface V,, (frequently called merely a 
“ surface ’’ when there is no danger of ambiguity) immersed in 
8,41 and defined by the parametric equations 


im iy NEE a (utes le cdirteL)s se {10) 
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As usual, the functional matrix of these equations must have 
n as its characteristic (cf. Chapter V, § 1). 

As an obvious extension of the ordinary case (n = 2) we shall 
first define the direction of S,,, which is normal to V, at any 
given point P. 

Let a, (v = 1, 2,...2-+ 1) denote the cosines of the direc- 
tion we are in search of, relative to the axes y (1.e. the parameters 
or moments, which are indistinguishable in a Euclidean space). 
These cosines will be connected by the usual quadratic identity 

n+1 


Se ak a lea ar IA a nr 5 
1 


The geometrical property which we have to express is that 
the direction whose cosines are a, is perpendicular to any tangent 
to V,, at P, or, which is the same thing, to any elementary dis- 
placement dP which is a tangent to V, and therefore (neglecting 
infinitesimals of higher order than the first) does not move out- 
side the surface. For every such displacement the equations 
(10) must still be satisfied, but the increments dz, of the a’s 
will be otherwise arbitrary. If dy, denotes the corresponding 
increments of the Cartesian co-ordinates y,, the a’s must satisfy 


the equation 
n+l 


YE oyldy 0 ake droped 
1 


for every system of dy’s given by (10), i.e. by 
Ce mi Yyttey - - « « . (12) 
with the dx’s arbitrary. 
Substituting in (11’) we have 


n n+1 


dX, dx, X, a, Yr = 9; 
1 1 


and since the da’s are arbitrary this means that the a’s must. 
satisfy the n equations 


n+1 


y4,47 =O (= 1,2,...n). . (12% 
‘ | 


These equations, together with (11), determine the a’s except 
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as to sign. The ambiguity of the sign is natural, as we are dealing 
with a direction and have made no hypothesis as to its sense. 
In what follows we shall suppose the sense fixed in advance as 
may be most convenient. 

We know that the metric of V,, is defined by the quadratic 
form 


¢ = ds? — Dix Qin dx, day. 
1 


Tn addition to this it is useful to consider a second differential 
quadratic form % which differs from the first in that it depends 
on the configuration of V, in S,,, (or in other words is not an 
intrinsic element), or rather completely determines this con- 
figuration. 

To find this function we suppose an infinitesimal segment of 
constant length e measured off along the positive sense (as defined 
in advance) of the normal at every point of the given V,. The 
extremities of all these segments will lie on a hypersurface V’, 
which is said to be parallel to V,,; there is an obvious one-to-one 
correspondence between points on one and points on the other. 
We wish to consider two infinitely near points of V,,, and to com- 
pare their distance apart ds with the distance ds’ of the two 
corresponding points of V,,. 

If the co-ordinates of a generic point of V, are y, (v = 1, 
2,...n-+ 1), those of the corresponding point of V%, will be 


y, = dis a, €. 


From this, differentiating and remembering that « is a con- 
stant, we get 
dy, == dy, + eda, 


Squaring and adding, we get ds’*; denoting it by ¢’, we have 
n+1 
¢’ = &, (dy72+ da,?+ 2edy, da,). 
1 


n+ 
Now 2, dy,?= ¢, and since ¢ is infinitesimal it follows that 
1 


e?da,”is negligible compared with the other terms; hence 


¢' i d = 2ex, So Clee ee (13) 
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where we have put 
n+1 


Ue — S061 ak eee 
1 


Formula (13) gives the increment of the first fundamental 
form ¢ in passing from the given J, to an infinitely near parallel 
surface; this increment is expressed in terms of the quantity 
-u, which, as we shall now see, is a quadratic form in the dz’s, 
To show this, we note that 


hence, substituting in (14), and putting 


n+1 
by = by = — 2, (Y,15% 14 + Yoje%s), - (15) 
we get ob = Da by, dx; dx;,. . ° ° 5 (14’) 
1 


This is what is called the second fundamental form. Its coeffi- 
cients b,,, given by (15), can also be expressed in another way, 
which will be useful farther on. Differentiating (12’), we get 

n+1 


>, (4,14 Yr|2 “i Q, Yy [1%) a 0, 


or, interchanging the indices / and 4, 


n+1 
ae (A112. Ye te a, YK) = 0. 


Taking the half sum of these two identities, and remembering 
the symmetry of the second derivatives, we get 
n+1 n+1 


| 2%, (,1% Yr 2 ab 11 Yo |e) = By Oy Yo 


Changing / into 2, the left-hand side of this equality becomes 
the same as the right-hand side of (15), and therefore 
c n+1 


dix ar 2, Oy Yy | ike . © 0 2 (15’) 
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4. Forms of class 1 (hypersurfaces in Euclidean space). 


We now wish to find a criterion to determine whether a given 
differential quadratic form 


n 
ds? —— Dix Qiz dx, da, 
1 


is of class 1, i.e. whether we can find n + 1 functions (10) which 
will reduce it to the Cartesian type. We shall follow a method 
similar to that used in § 1, taking as unknowns the n + 1 functions 
y, and their n(n + 1) derivatives y,);, making (n -+ 1) unknowns 
in all. By definition these must reduce the given ds? to the 


n+1 
Euclidean form &, dy,?; this is expressed by the }n(n + 1) con- 
ditions : 


n+1 
ay = 2, Yuli Yoie ae eae a 5). mee (16) 
From these by covariant differentiation we get the equations 
: n+1 
0= », (Ya Ye + Yr |e Yojrt)- ee ete) 


We have also the condition that the principal unknowns y, 
and the auxiliary unknowns y,); are not independent but are 
connected by the differential relations 


oy 
a “, AGS EA) 0: 18 
Oz: Yi ( ) 


v 


We have to determine the conditions of integrability of the 
system composed of (16), (17), (18). 

First, suppose written down the two equations obtained from 
(17) by cyclic interchange of 2, k, 1; from these three equations, 
by adding two of them and subtracting the third, we find, as 
mS 1, 

n+l 


24a . Aed =I, 2,27). 
1 


Keeping 7 and & fixed, we have n linear homogeneous equations 
in the +1 unknowns y,),.. The matrix of the coefficients 
y,\» a8 in the preceding section, has n for its characteristic; 
hence the equations have (n + 1) — n = 1 independent solu- 
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tion; the others differ from it by a multiplier. Now we see from 
(12’) that we get one solution by taking y,)y, = a,; hence, intro- 
ducing a multiplier b,,, we can write the most general solution 
in the form 

Ys ten = Gp Ge Oe EP 2 Pee OED) 


To find the significance of these b’s, multiply (19) by a, and 
sum with respect to v from 1 to n + 1, using (11); we get 


n+1 
2, %, Yy je = bins 
1 


comparing this with (15’), we find that the b’s just mtroduced 
(which have the property b,, = 6,;) are identical with the co- 
efficients of the second fundamental form. 

We have now to express the fact that the second covariant 
derivatives of the quantities y,,; satisfy the commutation formula 


Y,\ she — Yo|tkh = 2 fal, hk} yin : oro (2Q) 


which takes the place of the ordinary condition of symmetry of 
the second derivatives. To calculate the left-hand side we must 
start from (19). By covariant differentiation we get 


Yy\ith = a, Dig, + Die [ns Sibrserpar ait 9), 


and we have to calculate a,),. To do this, we note that on dif- - 
ferentiating (11) we have 


(Ger 
pe Qa, Qyh — 0, ° . . . ° (22) 
al, 


and also that the coefficients 6,, can also be expressed in the 
form aaa 


%, Poli vin a bin (, h => ik. 2, ener as n), ° (23) 


which is at once verified by covariant differentiation of the. 
identity nel . 
4, Y,|s% = 0 
1 
combined with the expression (15’) for the b’s. If h is fixed, the 
formula (23) represents n linear equations in the n + 1 unknowns 


a,),; combined with (22) they form a system which can deter- 
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mine these unknowns. The determinant of this system is in 
fact 


ay, A> eee Aniy 


21) pe 7) We Cee 


2 


Yijn Yan eee Yn+1\n 


squaring this, and remembering (11), (12’), and (16), we get the 
determinant || @,, ||, which is certainly not zero. 
It is easy to verify that the solution of the system (22), (23) is 


yi, = 2p, ee et ee (oe) 
where we have put 
= ah (Sal Ral Ra 725)) 
Hence (21) becomes 
Y,\an = %, On — 3, Dix. On Tse 


- The expression for y,,,; is obtained from this by interchanging 
the indices h and k. We can therefore write (20) in the form 


a, (bin — Binn) — 2 (dix Din — bir Bix) (pa S =, (il, hk} SY [te (26) 


In order to express the right-hand side too in terms of y? we . 
apply Cramer’s usual rule to (25), which gives 


n 
— J 
40> x; Ait Yi» 
1 


and substitute this result in the sum; summing with respect to 
1 we have 


x; { il, hk ; Yt a x; (4, hk) y), 
1 1 
and therefore (26) becomes 


mae Oy inn = bi) + a yf! [bin bin, — Din Dix) Se (1, hk) | = 
(penal. 2. ep st, ky hh = 1 2 ny. 
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These conditions can be expressed in a considerably simpler 
form. Multiply the equality just written by a, and sum with 
respect to v from 1 to n+ 1; remembering (11) and observing 
that from (25) and (12’) 


n+1 ; n a 

PP oem je 235 
2, a, ¥; =< 244 2, Yoke My ad 0, 
1 


we get (Onn — Onn) = 0, 


or in other words the coefficients 6 must satisfy the condition 
Onn —— Osun . . . . . (28) 


The condition (26) can then be written in the form 


n 


dy) Pi, RES aaa 0 (v = i 2, oe M = 1), (29) 


1 
where we have put 
Diy, me = (Din Bj, — Bin Oe) + (Yj, hk). 


Keeping 7, h, k fixed, the equations (29) constitute 
nm-+ 1 linear homogeneous equations in the nm unknowns 
Pim (9 = 1, 2,...). The characteristic of the matrix of 
the coefficients y/ is n; in fact, taking any one of its deter- 
minants of order n, e.g. 


iL 2 nr 
yee yr 
1 2 n 
y, 9, y’ 
? 
1 2 n 
Y, Yn ana Yn 


it will easily be seen with the help of (25) that it is equal to the 
product of the two determinants 


f 1n 
Yj Yayo es Yin a a eee EO a 


Yoyt Yai ie ss | Yain a a oe 8 ie 


nl nn 
Yn Ynj2 sore Yn\n a a Snot ne a 


Jué 
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the second of which is certainly not zero. It follows that the 
characteristic of the matrix y! is the same as that of the matrix 
Y,\j Which is n. From a well-known theorem on linear equations 
it follows that the system (29) has no solutions except 


Pij, hic = 0 Onn h, k= iT 2, seis n), 
which is the same as 
(yy, hk) => bin, Dix = by, Din» e ° e (30) 


A more rigorous discussion would show that the formule 
(28) and (30) express all the conditions of integrability of the 
system. We can therefore conclude that: 

The necessary and sufficient conditions that a given differential 
quadratic form may be of class 1 are that it shall be possible to 
determine a (real) symmetrical double system b,, such that 
Riemann’s symbols for the gwen form can be expressed by 
formula (30), and also such that the system by, (the covariant 
derwative of by, with respect to the gwen differential form) is 
symmetrical (formula (28) ). 

At the end of the last chapter (§ 7) we found directly, 
by assigning suitable explicit expressions to the functions 
Y, (Ly, Lp, +++ L,), that every ds? of constant positive curvature 
is of class 1. The necessary and sufficient conditions just 
enumerated must of course be satisfied. 

To verify this, we need only take the auxiliary quantities b;, 
in the form /K Gj, and remember that, as the manifold in 
question by hypothesis is of constant curvature, Riemann’s 
symbols (7, hk) take the form K(aj, aj, — Gx j,). The conditions 
(30) are therefore automatically satisfied. Further, by Ricci’s 
lemma, the covariant derivatives of the quantities 6, 1.e. of 
/K tz. vanish, so that the conditions (28) are also satisfied. 

For K < 0, the hypothesis 6;, = /K ay, is of no use, as 
it would take us out of the real field, so that we cannot assert 
that the analogous property holds. We can in fact prove that 
for n > 2 a ds* of constant negative curvature is not of class 1.1 
For n = 2 we know already (Chapter V, § 21) that any ds”, and 
therefore in particular a ds? of constant curvature, is of class 1 


1Cf. Brancut: Lezioni di geometria differenziale, 2nd edition (Pisa, Spoerri, 
1902), Vol. I, Ch. XIV, § 205, p. 471. 
(D 655) 18 
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(at most), or in other words belongs certainly to some surface of 
ordinary space. There are an infinite number of surfaces of this 
kind (pseudospherical surfaces), with constant negative K, in- 
cluding surfaces of revolution of three types.1 


5. Hyperspherical representation and curvature of a hyper- 
surface. 


Take any hypersurface V,,, and consider it as immersed in a 
Euclidean space S,,,,; and consider also a by DerepREr of unit 
radius and centre the origin.” 

We can make each point P of the V,, correspond to a point 
P’ of the hypersphere by drawing from the centre of the latter 
the parallel to the normal to the V,, at P, and taking the inter- 
section of this parallel with the hypersphere as P’; V,, is then 
said to be represented on the hypersphere. 

The chief interest of this representation is as follows. Let 
V denote the extension (cf. Chapter VI, § 8) of a region ¢ of V,, 
and V’ the extension of the corresponding hyperspherical region 


/ 


¢’. Then the ratio ~ is Closely related to the curvature properties 


of V,,, and is called the mean curvature of V,, in the region ¢. 
this region reduces to the infinitesimal region round a point 


P—or in other words if the maximum dimension of ¢@ tends to 


zero—then (if P is not a singular point) the ratio = tends to a 


positive limit I, which is called the hyperspherical (if n = 2, 
the spherical) curvature of the V,, at P. 

To find an expression for this quantity, we shall first establish 
a system of intrinsic co-ordinates on the hypersphere. The most 
obvious way of doing this is to assign to each point P’ of the 
hypersphere the co-ordinates 2, %,... 2, of the correspond- 
ing point P of V,. We shall call the line element ‘of the 
hypersphere do, and shall try to find an expression for it in 
terms of the dz’s. 


1 Ibid., Ch. VII, § 103, p, 225; or 8rd edition (Bologna, Zanichelli, 1922), 
Vol. I, Ch. VII, § 127, p. 338. 


*That is to say, as explained in § 7 of the preceding chapter, a hypeteuntere 
Q, whose equation in Cartesian co-ordinates is 


n+1 
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If we denote the direction cosines of the normal to V,, at a 
generic point P by a, (v = 1, 2,...n-+ 1), as in preceding 
sections, then the direction cosines of the parallel through the 
origin {the centre of the hypersphere) to this normal will also 
be a,. The point P’ lies on this line, at unit distance from the 
origin; its Cartesian co-ordinates are therefore a,. 


We then have at once 
n+1 


da = Oa 
L 
; n+1 
and putting >Yy arr Qy1k = Chiko . . ° . (31) 
1 
it follows that da" =>" 2 ge dtp dr,... -- . +. _ (32) 
1 


This is the first fundamental form relative to the hypersphere; 
it is sométimes called the third fundamental form of the given 
V,,. By means of it we can at once calculate the extension V’ 
of a hyperspherical region ¢’: 


ee ‘ Veda, dita... dtp; 


where e represents the determinant of the quantities e,,. Analog- 
ously, for the corresponding field of V,,, we have the extension 
V of ¢: 

V = ti Jada, diy... dty. 


If the regions considered are infinitesimal, each integral 
reduces to a single element; taking the ratio of these, we get 


V’ c 
a eee ee (38) 


where in every case the radicals are of course supposed to have 
their absolute values. 

The coefficients e,, can be expressed in terms of the derivatives 
of the y’s by means of (31), which on substituting for a,), the 
values given by (24) becomes 

n+1 


n 
ae Pye) 
en = zi Din Dix 2, Yy Yo» 
1 1 
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and by (25) and (16) 
n n+1 


por iu jv 
Cnn = Dijuo bin Dix ava” x, Yy\u Yrio 

1 1 
n + . 

uae! iw jv 

= Dijuy bin Din a” a” Auy 
1 
n ae 

— yy bin, Dix a”, 
1 


From this expression of the e,,’s in terms of the b,.’s and the 
a'’s it is easy to obtain an expression for the determinant e in 
terms of the determinants a and b. To find it, put 


Ce = = Dix a’, . ° ° . . (34) 


so that the last of the formule just given for e,, may be written 


as A . 
Cnk — = bin Bi . ° . . . (34’) 


Comparing (34) and (34’) with the formule for the general 
term in the product of two determinants, we see that from them 
follow the two equations 


Bis allan acetone) 
a 
Se Mp Bach) ye Tg eee) 
where : = ||a™ || and we have put B = ||i||, as can easily be 


verified. Multiplying together (35) and (35’) term by term we 
have 


oO: 
to 


(36) 
Hence (33) becomes 


6 
see . . . ° . (33’) 


a formula expressing the hyperspherical curvature I in terms of 
the discriminants of the two fundamental forms. 

It will be seen that the curvature defined here is not an 
intrinsic property, as it depends on the coefficients b,,. 
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Let us apply these remarks to an ordinary surface V, im- 
mersed in a three-dimensional Euclidean space. In this case, 
as we know, there is one distinct Riemann’s symbol (12, 12), 
and (30) gives 

(12, 12) = yy Ogg — Byy” = 6. 

Hence (33’) can be written in the form | 

12, 12) 


a 


T = 


Comparing this with formula (28) of Chapter VII, we see that 
for n = 2, the curvature I’ coincides in absolute value with the 
Gaussian curvature K. 


CHAPTER X 


Some APPLICATIONS oF INTRINSIC GEOMETRY 


1. General remarks on congruences. Geodesic and normal 
congruences. 


Consider a metric manifold V,, and suppose that at every — 
point of V,, (or of a region of V,,) there is fixed a direction A, 
defined e.g. by its parameters "; i.e. that there is given a contra- 
variant system of regular functions A'(2,, %, . . . Z,), connected 
only by the usual quadratic identity and otherwise arbitrary. 
On account of this identity one at least of the parameters X' is 
certainly not zero. 

If then we consider the following system of n — 1 differential 
equations 


pen ee eat ee ee (1) 


(considering e.g. one of the z’s as the independent variable and 
the other n — 1 as unknown functions of the first), we see at 
once that the integrals of this system represent lines of V,, which 
at every point are in the previously fixed direction A; in fact, for 
an infinitesimal displacement along one of these lines, the da’s 
are proportional to the parameters of A. Through every point 
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of the region considered there passes one (and only one) of these 
lines; this follows from the fact that the general integral of 
(1) contains n — 1 arbitrary constants, which can be so deter- 
mined that for an arbitrarily assigned value of the independent 
variable the other n — 1 variables have values which are also 
arbitrarily assigned. To fix the ideas suppose that in the field 
considered A” is not zero; then (1) can be written 

dx; Xr : 

dc, ¥ Gas a 


considering x, as the independent variable. 
It follows from the existence theorem that the integral 
equations 
Ze (0) (j= 1, 2p. 1) 


of the line can be satisfied by an arbitrary set of values of the 

n variables, which is equivalent to saying that the lime can be 

made to pass through a point arbitrarily fixed in advance. 
Such a system of lines is called a congruence. The quantities 


Noes = where ds denotes the element of arc of the line passing 
8 


through the generic point (2, %, ... %,), are called the para- 
meters of the congruence, and the elements A; of the reciprocal 
system are its moments. 

If all the lines of a congruence are geodesics, the congruence 
is said to be geodesic; e.g. congruences of straight lines in ordinary 
space. It is easy to determine the analytical condition which 
expresses this property. We know that the characteristic equa- 
tions of a geodesic can be put in the following form (cf. Chapter 
V, formula (53) ): 

) = vs a8 Xin { Js ONE, aan, 


1The argument may be made clearer by considering the example of a field 
of force in ordinary physics. In this case, when a direction \ (that of the force) 
is physically defined at every point of the space considered, then a system of lines 
(the lines of force) is determined which have at every point the direction of the 
force at that point and which, so to speak, fill all space, as through every point 
there passes one (and only one) line of the system, 
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dx oan 
Now we have coats es Ly; 


substituting in the previous equation and writing everywhere 2’ 
instead of 2%, we get 


p= 3 (2 4 B49, i}¥) N= 6; 
il 1 


a 


from which, by (5’) of Chapter VI, we get 


p = >, (A’), X = 1,0 (2 => ib 2, phe n). . (2) 
1 


These are the required conditions. We can express them partly 
in terms of the moments by multiplying by a, and summing with 
respect to 7, which gives 


‘a ~i az, (r'), A’ = 0; 
and as by Ricci’s lemma 


ay (A’), = (Axed), 
we get finally 


Gi AGA 0 (ES RO) eee 
1 


Another important special property which a congruence may 
have is that of being normal, i.e. that of being composed of the 
orthogonal trajectories of a family of surfaces. It should be noted 
here that, given a family of surfaces, there always exists a congru- 
ence of curves which cut all the surfaces of the family at right 
angles and are called orthogonal trajectories; while there does not 
always exist a family of surfaces which cut at right angles all the 
curves of a congruence. This can be shown as follows.1 

First, let there be given a generic family of surfaces whose 
equation is 

f(z) = constant. 


1[t may be noted incidentally that in chapter V, § 22, we have already recog- 
nized the existence of the directions normal to the families of co-ordinate surfaces 
a; = constant, and determined their moments. These results could have been 
used here, as any family of surfaces f = constant can always be turned into co- 
ordinate surfaces by a change of variables. The line of argument followed in the 
text has the advantage of giving directly the explicit expression for the moments 
of the normal directions when the equation of the family of surfaces is general. 
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Consider the surface which passes through a specified point 


P whose co-ordinates are 2, %,... X,3 It is understood that P 
is regular, ie. that the first derivatives of are finite and con- 
2) 


tinuous at P and are not all zero. We wish to show that a direc- 
tion perpendicular to the surface, i.e. to every displacement $2; 
belonging to the surface, is uniquely associated with P. 

We first note that for every such displacement 6z; we have 


f(@ + da) = f(2) 


or x; of bu; — 0. . ° . . . (3) 
il Ou; 


If we denote by A; the moments of the hypothetical perpendi- 


cular direction, then the condition of perpendicularity to every 
displacement in the surface is expressed by the relation 


S;, A; O2; —— 0, . ° . . . (4) 
1 


which must hold for all values of the 5x,s which satisfy (3). The 

coefficients in (3) and (4) of each dz; must therefore be propor- 

tional (cf. Chapter IX, § 3). In virtue of the quadratic identity 
Liz a'® A; ry == il 


1 


the moments cannot all be zero, so that we can suppose that one 


of them, say A,, is not zero, and put . a =p. Writing f, 
n Ly 


instead of se for shortness, the explicit relations equivalent to 
(4) take the form 
ioe (Ces y-ray eure We (a9 


The f;s being known, these equations determine the ,’s, 
except for a factor, which in turn is determined (except in 
sign) by the above-mentioned quadratic identity, which gives 
n 


Dir Gndit, = p®. The left-hand side cannot vanish, as by hy- 
1 


pothesis one at least of the f;’s is not zero; we are therefore sure 
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that p+ 0. Thus given the family of surfaces f = constant, 
the orthogonal direction at each point is uniquely determined; 
the positive sense on this direction can be chosen at will (cor- 
responding to the double sign of p). The A,’s being known as 
functions of position, the reciprocal elements A’ can be obtained 
from them, and thence, by (1), we get a congruence of lines 
which cut orthogonally the surfaces of the given family. 

Vice versa, given a priori a congruence of lines by means of 
their moments A, (to be considered as given functions of position), 
then in order that the lines of the congruence may be considered 
as orthogonal trajectories of a family of surfaces f = constant 
the necessary condition is that the derivatives of the function 
F(%, %, ... £,) (which is a priori unknown) should satisfy (5), in 
which p denotes a factor which is not zero, but is a priori un- 
determined. Such an f does not always exist; we have indeed 
already seen that the necessary and sufficient conditions for its 
existence are (Chapter II, § 7, formula (23) ) 


OX, Ox. Can OAL CXL OA, 
002 tai heat 2 2¢ (Ae =) x, (s— i) =0 
‘ (= fala *Nogr OD, TA On, 02; (6) 


(4, bape Led. « 5M); 


where we must now take X; = A, X; = A, X, = A, Only 
some of these conditions are distinct, e.g. those in which the index 
k has the fixed value n (the conditions (20) of Chapter II), the 
others being deducible from them. 


2. Sets of » congruences. Determination of a vector by n 
invariants. 


We shall now consider » congruences of lines in a generic 
V,,; thus n directions A,, Ag, .. . A, will be fixed at each point. 
We shall further suppose that every two of these directions are 
orthogonal, and we shall then say that we have fixed in JV, 
a set of n orthogonal congruences. 

The parameters and moments of these congruences will of 
course have two indices, the first of which represents the ordinal 
number of the congruence. We shall use the term the congruence 
(h) to denote the congruence whose parameters are Aj, Aj, . . . Ajs 
and whose moments are therefore the reciprocal elements Ajj, 
Anja: + + + Anjn (with respect to the ds? of the manifold). 
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In addition to the usual quadratic identities we shall here 
have the conditions of orthogonality of the congruences. Both 
sets are included in the formula 


Ds Anyi At = oe (h, k= dy ye aprstrd n); Bee As (7) 
1 


if h = k, this is the usual relation between parameters 
and moments, and if h + k it expresses the fact that the 
directions ~, and A,, le. the congruences (h) and (k), are 
orthogonal. 

The equations (7) also express the essential fact. that the n? 
parameters Aj, of a set of m orthogonal congruences are the recip- 
rocal elements (in the algebraic sense) of the n? moments 4,,; 
of the same set of congruences, and vice versa (cf. Chapter IV, 
§ 6; Chapter VII, § 12). In addition to (7) the equivalent 
formulee 


LA = Seay = 1 le ee 
i 


therefore hold. Multiplying these by a,, and summing with respect 
to 7 we get the important formula 


Uy Sn Ana Ane (4, k = if 2, eee n) . Gi5i) 


giving the coefficients of ds? in terms of the moments of any set» 


of n orthogonal congruences. Analogously, multiplying (7’) by 
uke 


a”, summing with respect to 7, and then putting 7 instead of J, 
we get 


ov SNA 9G b= lee ee le 
1 


A vector R of our V,, is determined, as we know, by its co- 
variant components R,; or its contravariant components R’. 
Hence when a set of » congruences is fixed in V,,, the vector can 
also be determined by its n projections on the directions belonging 
to these congruences at the pomt where the vector is considered. 
By definition (Chapter V, § 22), the projection of R on the direc- 
tion A,, is the invariant 

C¢, = RIX.Ay 


— 
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which can be expressed in either of the two equivalent forms 


Ch = mi R Aajis . . ° . . (8) 


C, = re R; rN. oe = 6 ° . . (9) 


Thus the vector R is determined by the n invariants c,. If 
we wish to deduce from these, in a given system of reference, the 
covariant or contravariant components, we need only solve the 
equations (8) or (9), which, together with (7’), give 


Fs te Ban Wade at Hee) 
1 


R; —= Zn Ane . . . ° ° (9’) 


If in particular the vector R is the gradient of an invariant. 
f (i.e. if the components R; are the derivatives f, of f with respect 
to the variables x,), then the invariant c, represents the intrinsic 
derivative of f in the direction of the congruence (h). In fact, 
if s, denotes the length of the arc of one of the lines of the con- 
gruence (h), measured from an arbitrary origin, then for a dis- 
placement ds, along this direction the increment of f will be 


df = S,f,da, 
af 


where the dz’s are the differentials corresponding to this dis- 
placement. 

Dividing this quantity by ds, we get by definition the deri- 
of 


vative ae of f in the direction of the congruence (h); remembering 


8h, 
that al Xi,, we therefore have 
Sy, 
Oi — Lisi Ne . . . . . (10) 
OS, iE 


a formula corresponding to (9). Solving it, we get the formula 


n A) ; 
fi — > oF Nii . . . . . (10 ) 


OSp, 
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corresponding to (9’); and lastly, changing to the reciprocal 


elements, we get also 
n 


0 ur 
gaelic: ven as STI 
Sh, 


which corresponds to (8). 

In general, it would be easy to show that when a set of n 
congruences is fixed a tensor of rank m can be determined by 
“n” invariants, instead of by that number of components, covariant, 
contravariant, or mixed, the proof being completely analogous 
to that given above for determining a vector by means of n 
invariants. This result simplifies the study of certain questions, 
so that we shall find it useful to carry somewhat further our 
investigations on sets of n congruences. 


3. Geometrical definition of Ricci’s coefficients of rotation. 


We must now introduce a system of differential invariants 
which are closely connected with the set of m congruences. We 
shall reach the required result quickly by the following 
method. 

Consider two very near points P and P’ of V,. At each of 
them the lines of the n congruences determine a pyramid (a genera- 
lization of the notion of the trihedron) whose directions are 
mutually orthogonal. If A,,... A, are the n directions at P, 
those at P’ will be A; = A, + 8A, ... A, = A, +9/A,, and 
we shall say that we pass from the first to the second by local 
displacement, i.e. by the law previously fixed which regulates the 
behaviour of the noo) lines of the set’of m congruences. But 
the pyramid of directions can also be moved from P to P’ by 
parallel displacement; we shall then get at P’ n mutually ortho- 
gonal directions A; = A, + 5A... A, = A,+8°A,, which 
will not in general coincide with those obtained by local dis- 
placement. We shall thus have at P’ two pyramids infinitely . 
near one another, since each is infinitely near the pyramid 
Ai, Ag, -.- A, This means in particular that the zth direction of 
one makes an infinitesimal angle with the ith direction of the 


other, and an angle very nearly equal to 5 with the remaining 


n — 1 directions of the other. We propose to examine these 
infinitesimal differences. 
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Consider two directions A,, A, of the pyramid at P; these 
either coincide (k = k) or are orthogonal, so that we have 


A 
GosA, A, =—5;. 


Let them be displaced to P’, the first by local and the second 
by parallel displacement, so that the first will coicide with 
2, and the second with ;. We shall calculate the resulting change 
in the cosine of the angle between them, i.e. the quantity 


A A A 
fe * 
5 COSA,A, = COSA,A;, — COSA,A,- 


This is an infinitesimal of the same order as the distance ds 
between P and P’, and we shall therefore write it in the form 
Pre ds; thus p,;, will give us a kind of measure of the rate at which 
the cosine in question changes for a displacement in the direction 
PP’. To calculate it, we start from the formula 


i n ; 
COSA, A;, => 2; Nui Xi. 
1 


and differentiate it, remembering that we have to operate on 
X;,;; with the symbol 6’ (local displacement) and on Xi, with the 
symbol 8° (parallel displacement). We shall get 


ope 6 ER ee ee ED TE 
< 1 


We have also from the ordinary rule of the differential cal- 
culus 


8 Ang = By ele, 
Ti |i Ox; 


where 5x, denotes the increment of the co-ordinate x in passing 
from P to P’, and from the law of parallelism 


n 


1 


Substituting in (11) we get 


Pru ds = By 5M Oe Ba, a Eig ay {4l, i} A, 5a). 


ty 
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In the second sum interchange the indices 7 and J, so as to 
get the same factor Xj, a; as in the first. We can then write 


Pads = Yi BE ay {It 1) An | ri 82, 
LLL Oe, 1 


or, remembering formula (5) of Chapter VI, 


Phi ds => By naj ri 8%. . = 5 (11’) 


Denoting the parameters of the direction PP’ by 


_ 4; 


Diese eee, 
é ds’ 
we have the formula 


Pan = Bay day Ae Os sti ge asks tae 


which holds for any direction whatever. 

It is to be noted that p,,, as given by the original definition 
(11), changes sign when the two indices are interchanged. This 
can be proved without difficulty, either from the final expression 
(11’’), by gomg back to (7) and taking its covariant derivative; 


or more geometrically, by using the property that any cosA, A, 
is unchanged by either local or parallel displacement, so that the 
formulze 


roe (5, Anyi ) == 0, Ss (2, nti ns) — 0 
1 if! 
both hold. 


Carrying out both differentiations and using the results to 
transform (11), we get 


Pru ds = — *; (An i78" Xi, + Ajd* Anji) 


A 
Further since cosa,A;, can also be expressed in the form 


%; Aj, Anje (11) is equivalent to 
1 


Pr ds = ale Ni Ariat ARS Agia) 
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Interchanging h and k, and adding to the previous equation, 
we get the required identity 


Pix + Pin = O Goble se. RM) (12) 


We shall now examine the case when the direction of dis- 
placement coincides with one of the directions belonging to the 
set of congruences, say the Ith. We shall then have 


j 
fi = x, 
and, denoting by y,,, the value of p,, in this particular case 


A 
(i.e. the rate of variation of cosA,A, for a displacement in the 
direction of A;, in which A, is moved by local, and A, by parallel, 
displacement), we shall have from (11’) 


Yrs = Dy Any eX A hives VR) amen aby) 


The quantities y were introduced by Ricci, and named by 
him the coefficients of rotatvon of the set of congruences. They 
have various important properties. 

In the first place, they are envariant, as follows from (13) by 
the law of contraction. We have farther, as a particular case of 
(12), 

Yn + Yen = 0 (h, k,l = 1, 2,... m), . (14) 


which for k = h reduces to 
Vhhi a 0. e . . e ° A (15) 


We can also give a direct formal proof of (14), on the lines 
already suggested for the more general case of the p’s. Starting 
from the identity (7), and taking the covariant derivative, we 
shall get (remembering Chapter VI, § 6) 


x; Anyij Mt + 2 Mey Me = 0. 
1 


Multiplying by A and summing with respect to 7 from 1 
to n, we get 


Ic imate 


1 u! 


or Vnkl + Vin = 9. 
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The number of these invariants y, which depend on three 
indices, is a priort n®; but they are connected by the $n?(n + 1) 
relations (14) of antisymmetry. Hence the number which are 
algebraically distinct is at most 


Pi ae a! aie a | eae 
1S) Gartee gat Wh ART ee 


The minuend n? is equal to the number of the derivatives 
Anju Of the quantities 2,,),, and the subtrahend }n?(n + 1) to 
the number of the relations given above as resulting from the 
differentiation of the equations (7) and connecting the n? deriva- 
tives. We can accordingly express the derivatives A,);, a8 func- 
tions of the quantities A,,, and y, by solving the equations (13). 
To do this, multiply (13) by A; A;;, and sum with respect to 
k andl. We get 


nv n n i n . 
2a Yai Aya? Nyy" ar 2g Ans He r, Aner 2 r; Nyy 


So Ayer 
or finally, replacing 2’ and 7’ by 7 and J, 
Anyi => an Yau Nee Arye pene eal 


This result shows that in order to study the differential pro- 
perties (i.e. the properties depending on the way in which the 
\’s vary) of the lines of the given congruences we need only 
consider the invariants y, in terms of which all the derivatives 
of the A’s can be expressed. 

The geometrical significance of the y’s, which we have already 
illustrated, is particularly expressive in the case of ordinary space. 
In this case the three congruences define at every point a triplet 
of orthogonal directions, and p,3, 31, Pyg are the components of 
a vector w such that wds is the elementary rotation of the triplet 
in the local displacement from P to P’1 

‘See e.g. Levi-Crvira and Amaupr: Leziont di Meceanica Razionale, Vol. I, 
p. 178; Bologna, Zanichelli, 1923. For the general case, the reader may be referred 


further to a paper by Signorina CARPANESE: “Parallelismo e curvatura in una 
varieta qualunque”’, in Annali di Mat., Vol. XXVIII, 1919, pp. 147-169. 
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4. Commutation formula for the second derivatives along the 
arcs. 


The invariants y occur in another important formula, which 
we shall now establish. 
We wish to compare the two second derivatives 


. ui and a Le 


Os, OS, OS, OS, 


we shall find that they are not equal, but are connected by 
a more complicated relation involving also the first derivatives 
and the y’s. 
We have in the first place from (10), differentiating the 
invariant ee with respect to x; and applying to the right-hand 
Sh 


side the rule for differentiation given in Chapter VI, § 6, 


rs) 4) nv . nr ; 
Ana a = iP Any + 2M Siy 


We next replace f’ in the first term on the right by the expres- 
sion given for it by (10’’) (putting / instead of h for the index of 


summation), multiply both sides by Ms , and sum with respect 
toy. We thus get 
sy 2 (7) = Fee Sie i 

I 


j Lig u 
= "On, OS;, u Os yh “ie 


By the definition (10) of the intrinsic derivative, the left-hand 


side of this equation is precisely ne of ; the first term on the 


OS), 
right, from the definition (13) of the invariants y, reduces to 
n of n of 
x = She 
1 Vhlk as, ‘ik Vink as, 


We therefore have 


0 0 
as, 5 = 7 dl E yaw gt = AE 3, i A, r. 


( D 655 ) 19 
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To get the other second derivative, we interchange h and &, 
which gives 


0 0 Ms 0 S 
ies we ee a Li NY dM: 
il 8) uf 


HO On 
Os, OS, 


Now take the difference of these two expressions. The second 
terms on the right cancel out, as on interchanging 7 and 9 they 
become identical. Hence 


a) Of CC) ewe < of 
— = tne 
OS, as, Os, OS, | oy (Yin — Yun) (17) 


This is the commutation formula required. 


5. Case in which one of the congruences of the set is geodesic. 


Suppose that one of the congruences of the set is geodesic 
(cf. § 1); without loss of generality we can always suppose that 
it is the nth. We propose to investigate the special characteristics 
of the coefficients of rotation y in this case. 

From formula (2’) we get the following relations for the 
elements of the direction A,: 


Sra =O. G= 1,2... 0). . 08) 
1 


We now multiply by Aj, and sum with respect to 7; remember- 
ing the formula (13) defining the y’s, we get 


Vnkn = 0 (h = il. 2, 90 6 n); : 5 (18’) 


this is equivalent to (18), as can be shown by multiplying by 
Aj), Summing with respect to h, and using (16). 

The m equations (18’) are invariant not only for all possible 
changes of co-ordinates, but also for any change whatever of 
the n — 1 congruences (1), (2), . . . (n — 1), which together with 
(n) form an orthogonal set; in fact, to establish the equations 
(18) we made no special hypothesis as to the choice of these 
n — 1 congruences. 

In particular, if the space is Euclidean, the equations (18’) 
are the intrinsic equations of a rectilinear congruence. 
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6. Geodesic curvature of one of the congruences of the set. 


Returning to the case where the congruence (n) is general, 
we wish to show that the n invariants y,,,, (2 = 1, 2,...%) 
have a simple geometrical interpretation. It will be remembered 
that the left-hand side of (2’), which we denoted by p,, is a co- 
variant component of the geodesic curvature p (cf. Chapter V, 
§ 25). If the congruence considered is (”), we can therefore write 


Pr = > Anju Xi: 


Now in accordance with § 2 the vector p can be represented 
by the v invariants 


n 

mii k 

C0 == Xi, Pr An 
1 


which give its orthogonal projections on the lines of the n con- 


gruences. 
Carrying out this operation on the expression just given for 


Px, We find, by (13), 


Ch = Ynhn> 


this shows that the invariants y,,,, (2.= 1, 2,...) represent 
the orthogonal projections on the lines of the set of congruences 
of the vector which is the geodesic curvature of the congruence 


(n). 


7. Case in which one of the congruences of the set is normal. 
Complete normality. Differential relations satisfied in every case 
by the y’s. 


Suppose that (”) is a normal congruence. We know that the 
equivalent analytical condition is given by (6) where we take 


X; = Aj) We thus have 


Ault (Any set Anji) ats Anahi (An tin ha rnin) 
+ Any Anjxt — Ann) = OF (19) 
"De aed ey | 


We now multiply this equation by dj, Niyirs where k’ and 
2 are two new indices chosen among 1, 2,...%— 1, and sum 
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with respect to 7 and k from 1 to n; remembering (13), we get 


% 


Ant; (Yrnti? aa Ynitt!) = 0. she ogeanse (19) 


As j may have any value, we can always choose it so that 
Xj + 0; thus we have 


Vnki = Vik (2, i I, 2, Biko oe a 1), . (20) 


where we have written 2, k instead of 2’, k’. Reciprocally, if the 
equations (20) are satisfied, the equations (19’) follow from them, 
and therefore also (19) as a necessary consequence. The equations 
(20) therefore constitute the required condition. 

It is not without interest to find this condition by another 
method, starting from the remark that if the quantities A,,,; are 


of 


to be proportional to the derivatives — of a single function /f, 
OD; 
these derivatives can be substituted for them in the conditions 


of orthogonality 
DA Ah = 0 (i= Ibs Detain Lys 
i 


so that the hypothetical function f must satisfy the lmear system 
of partial differential equations 


n 
ra = 0 (b= 1, 2: 
1 no, 

Reciprocally, if there exists a function f which satisfies these 
n — 1 equations, its derivatives must be proportional to the 
quantities A,,);. 

Hence the conditions in question are the necessary and sufti- 
cient conditions that the given n — 1 equations may constitute 
a complete system (cf. Chapter III, § 9). 

To make the notation agree with that in Chapter III, we intro- 
duce the linear operators 


i Seal (yi =< 1s Bish Wis DE 
1 Ox 


noting that (10) shows that these operators are identical with the 


derivatives ve with respect to the arcs. We thus have the system 
Sh 


Xf = 08 eS ae 
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and we have to express the condition that, for h,k = 1,2,... 
n — 1, Poisson’s parentheses 


(X;, Xi) f = X, Co ae X;, CG i 


are linear combinations of the terms X, f. 
Now, repeating the steps of the calculation in § 4, or better, 


borrowing from it the value already found for Oh we have 
Sp O Sis 
0 4) if n 1 j 
XLS = as, 08, 1 Yur a iy ye 


Interchanging h and k, and subtracting, the second sum dis- 
appears. In the first, we must separate out the term correspond- 
ing to the value n of the index J, and put X,f again instead of 


x . We thus get 


n-1 a) 
(X;, X,)f = * (Yin me Yin) Xif Ste (Yan avy Yan) sh : 


n 


This must reduce to a linear combination of the quantities 
2 Rr 8 
As el is independent of the X,’s, its coefficient in each of 
Sn 
the parentheses included in the above expression (i.e. for 
h, k = 1, 2,...%— 1) must vanish; this brings us back to (20). 
It may be noted that if all the n congruences of the set are 
normal, the y’s with three distinct indices are all zero. In fact, 
choosing three distinct indices 7, h, k, we have the following 
identities: 
Vink = Yikh> 
Vari = Vhike 
Vik = Veenis 
adding the first two and subtracting the third, and remembering 
that the y’s are antisymmetrical in the first two indices, we get 


Vink = — Vihio 
or Vink = O ily De. 3s 1) 


for every triplet of three distinct indices. 
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If we put 
0 0 re 
Vij, hk — a Vijh a Vijk Se {vit (Yen — Yuen) 1 Voir Vijh — Viih Yuin > 
ra) Ss Te 0 Ss h 1 


we get at once, by definition and the antisymmetry of the co- 
efficients of rotation y with respect to the first two indices, 


Vij,hke — — Vij, eh Vij, te — — V ji, hie 
I add, but without giving a proof, that the cyclic identities 
Vij,ne 1+ Vin,ni 1 Vin, jn = O 
also hold; and from these it follows ultimately that 
Vijne = Var, ij OR Te i eee bay Rae 2,7) 


Ricci discovered all these results as far back as 1895, basing 
his researches with regard to the four-index y’s on the analogous 
properties of Riemann’s symbols of the first kind (cf. Chapter 
VII, § 4). A particularly simple and direct proof has recently 
been given by Dei. 


8. Canonical system with respect to a given congruence. 


In many questions a congruence of lines is either among the 
data of the problem, or is closely connected with them. In order 
to deal with these problems it is often useful te associate with 
the given congruence n — 1 others, forming with the given one 
a set of m mutually orthogonal congruences, so that the given 
congruence can be considered as the mth of this set. The choice 
of the n — 1 auxiliary congruences is a priori arbitrary; in many 
cases this arbitrariness may be taken advantage of to introduce 
some simplification. This is possible, as we shall now see; and 
the conclusion we shall reach is that given any congruence what- 
ever, there is always at least one way of choosing the other n — 1 
so that the relations 


Yak ae VY nik ae 0 (& = L; k, 1 —. is 2, Fac ea 1) (21) 


may be satisfied. 
The system (or any one of the systems) of n — 1 congruences 


1 Sulle relazioni differenziali che legano i coefficienti di rotazione del Ricci”, 


in Rend. della R. Ace. det Lincet, Vol. XXXII (first half-year, 1923), pp. 474-479. 
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which possesses this characteristic is called a canonical system 
with respect to the gwen congruence. 

To prove that such a system exists, we associate with the 
given congruence a system—for the moment any whatever— 
of n — 1 other orthogonal congruences, and fix our attention on 
a generic point P of the manifold; for shortness we shall denote 
by w the pyramid of the m — 1 directions A,, Ay, ... A,_; drawn 
from P, orthogonal to A,,and to one another. Suppose this 
pyramid rotated round the direction A,, by which we mean that 
we pass from the pyramid w to another w’ formed by n — 1 
other directions Aj, A,,... A,_1, also drawn from P, and ortho- 
gonal to A, and to one another. We wish, if possible, to 
determine the rotation so that after it has been effected the 
relations (21) may hold. For this we shall start from the relations 
connecting the A,’s with the A,’s, which express analytically 
the rotation described. 

Let a,,(h, k = 1,2, ...m) be the cosine of the angle be- 
tween the directions A, and A,. Naturally, if only one of the two 
indices h, k coincides with n, the corresponding a is zero 


(a, = X,, and the corresponding angle is “3 while «,,, = 1. 
The formule for this are 
eae ee (hk == 1, 2,..... n — 1); 


7s ae Mea IP 


We have in any case by definition 
x, Aj, detj = Ont (h, k= i 2, alerts n), 
1 


and thence, multiplying by 4,,; and summing with respect to h, 


n 
, 
Nei = Ly anx ier 
1 


Limiting & to the values 1, 2,..."— 1, for all of which 
a, = 0, we can take the sum on the right only to n — 1, so 


that we have 
n-1 


dei = Zh Onn Anyi (seer 1, 2) ne -R— 1); . (22) 
1 
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i.e. the moments of w’ are connected with those of w by a linear 
substitution, as could have been anticipated, and the a,,’s are 
the coefficients of this substitution. It is also to be anticipated 
that the substitution is orthogonal. To prove this, we take the 
equations (7); putting k = 7, they give 


xy, (Anya)? = Ay (G12 betas 
a 


The coefficients a,; on the right depend on the co-ordinates of 
reference, but not on the choice of the congruences associated 
with (n). 

Since Aj), = 0 for h + n, it follows that for any value of 
2 (+= n) the expression 


n-1 
> (Ani) 


is invariant for rotations of the pyramid a, and therefore the 
substitution defined by the a’s is orthogonal. We have now to 
arrange this orthogonal substitution of order » — 1 in such a 
way that the relations (21) may be satisfied. 

To do this we start from (16), from which we get as a parti- 
cular case 


Anti =a ma Yai rei Any; Co fae Lee a) 


The terms of this sum in which k = n vanish, by (15); those 
in which | = n can be separated out by writing 


n-1 n 
Anyi = Zr Ynkl rei dn; = Ant; xy Ynkn Niles 
al 1 


The last sum can be suitably transformed by replacing yyy» 
by the expression given by (13); we then get successively 


n nn 
coe P rq 
ae Ynkn Neyi a *ipg Aniee vi; rN Nei 
n 
ee ~ yy An ipa AF oP 
n 
= 4 Xn iq Ags 
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We can therefore write 


n—-1 n 


Any = Za Yan Mays Ary F An 2a Antig ahs 


Now in this formula it is to be remarked that the left-hand 
side and the last term on the right depend on the parameters 
and moments of the direction A, alone, and do not depend on the 
other » — | associated directions; the same must therefore be 
true of the remaining part, i.e. of the sum 


n-1 


Pet You ree Any Gy Geely 2s a R11). (23) 


We can therefore conclude that these expressions are invariant 
for any rotation whatever of the pyramid ow. 

Of the (n — 1)? quadratic forms included in formula (23), 
which are obtained by choosing the indices 7, 7 in every possible 
way, we are interested in any one in which 7 = j. Fixing the 
index 2 once for all, and putting for shortness 


Ai = % Gal gyn. 1 —_1); 


the corresponding quadratic form is 


n—-1 n—-1 


*a Vnkl he % = 3a (Ynut + Ynit) 2 2 »  (23’) 


In this the coefficient of the product 2,2, 18 Yar + Yam Le. 
the left-hand side of (21). If we wish to satisfy (21), we must 
make all the coefficients of the terms in 2,z,, for which k + 1, 
vanish by means of the orthogonal substitution (22), which we 


shall write in the form 
n-1 


’ bs ’ 
7 Xj, Onn 2h ¢ 2 e : (22 ) 
1 


this is equivalent to reducing the invariant quadratic form (23’) 


to the canonical form 
n-1 


Zi Pk oh tae as (On) 


by an orthogonal substitution. This algebraic problem is always 
soluble. In the cases n — 1 = 2 or 3, it corresponds to the pro- 
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blem of finding the axes of a conic or a quadric, and is discussed 
in ordinary analytical geometry. In the general case the theory 
leads to the following result. 

Consider the equation 


2m + Yon) — Sep ll = 0, . .-. (24) 


‘which is of degree » — 1 in the unknown p, and is called a 
secular equation. Its n — 1 roots are always real (it is understood 
that we suppose the quantities y,,,. real), and give the n — 1 
coefficients p, of the canonical form (23”).+ 

We can therefore always choose, at any point P, the pyramid 
ow and therefore the system of the m — 1 congruences (1), (2),... 
(n — 1) so as to satisfy (21); i.e. there always exists at least one 
canonical system with respect to a given congruence. If the 
n — 1 roots of (24) are all different, the canonical system is 
uniquely determined; if they are all equal, any system of n — 1 
congruences which are orthogonal to one another and to (n) 
satisfies (21) and may therefore be called canonical. In the 
general case where the number of different roots is p (l1< p< 
n — 1), then n — 1 — p coefficients of the orthogonal solution 
are arbitrary, and there are therefore «”~!~” canonical systems. 


9. Congruences of straight lines in Euclidean space. Geo- 
metrical significance of the canonical system. 


In ordinary (i.e. Euclidean three-dimensional) space parti- 
cular importance attaches to congruences of straight lines, which 
present themselves for consideration in various questions of geo- 
metrical optics; since the rays of a light pencil (in a homogeneous 
medium) form a rectilinear congruence. 

We shall now discuss a geometrical property of these con- 
gruences, which will be seen to be connected with the discussion 
in the preceding section; or rather—since it involves no greater 
complication—we shall discuss congruences of lines in a Euclidean 
space of any number n of dimensions. 

Consider a generic pomt P, and let 7 be the ray through P 
of the given rectilinear congruence; let X be the hyperplane 
(in ordmary space the plane) perpendicular to 7 at P. Take a 
displacement in X represented by the infinitesimal segment 


1 Compare Chapter VII, § 12, where references are given. 
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PP’ = «¢ in any direction; through P’ will pass another ray 
r’ of the congruence. In general, the two rays 7, 7’ are skew; 
if for a particular direction of the displacement PP’ it happens 
that they both le in the same plane, i.e. that they meet or are 
parallel (more precisely, that the minimum distance between 
them is an infinitesimal of higher order than e), this is called a 
focal direction. We shall now show that in general there exist 
n — | focal directions, all or some of which may be imaginary, 
coincident, or indeterminate; we shall then point out an impor- 
tant particular case in which these directions coincide with those 
of the canonical system. 

Let PP’ then be a focal direction; there will be a point C 
(which may be at an infinite distance) common to 7 and 7’. 
Denote the length CP by Us (so that we shall have the particular 

(60) 
case of the rays being parallel at the imit when w = 0), and 
let us take as axes of reference n orthogonal Cartesian axes 
y, (v = 1, 2,...n). Let d,,), be the cosines of the direction n (i.e. 
its parameters or moments, since in Euclidean space A,,), = X;). 
The projection on the axis y, of the segment CP will then be 


given by 2 X,},, and that of CP’ will be 
(63) 
1 1 
io Donk 3 a(- Ante) 
w w 


while the projection of PP’ is dy,. If then we express this last 
term as the difference of the other two (PP’ being the third side 
of the triangle CPP’), we have 

1 


dy, ay a(* Anse) 
(63) 


/ 


dy, ae A hee “| dN 
Ww Ww 


We now wish to use the methods of the absolute calculus. 
We shall therefore associate with the given congruence n — 1 
other congruences, orthogonal to it and to each other, which we 
shall distinguish by the indices 1, 2,...”— 1. In addition to 
the projections of PP’ on the axes we require also its projections 
on the set of m congruences so defined; for this we must multiply 
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the last equation by Ay, (h = 1, 2,...m) and sum with respect 
to v. First, let h = n; the projection of PP’ on the direction 
n is zero, as PP’ by hypothesis belongs to the hyperplane X; 
hence the left-hand side is zero. Further, im consequence of the 
identity 


%, v6 2 = ip 
it follows that 2, Ai, dA), = 9; 
1 
1 
hence finally we get d= =—30; 
(42) 


which expresses the a priori evident fact that CP = CP’ 
(of course neglecting infinitesimals of higher order than the first). 
Putting h in turn equal to 1, 2,...n— 1, and denoting by «, 
the projection of PP’ on the direction h, we find 


2 EE SS: (ee ener 
| 
@W i 


We shall now expand dA,,,, remembering that since Chris- 
toffel’s symbols are all zero, we can replace the ordinary by the 
covariant derivatives, and also that since «, &, ...€,_, are the 
projections of PP’ on the directions of the set of congruences, 


and dy, (k = 1, 2,...) its projections on the axes, we there- 
fore have — 
n-1 


1 


The last formula thus becomes 


n-1 


he oe. Analy D6 A; 
Wi 


Ue meed) tina 2 
1 


n-1 


n 
v yk 
or we, = x; €j Lt Anjor Xi, Xj. 
1 1 


Remembering the definition of the y’s we have the system 
of n — 1 equations 
n-1 


OC 2%; €j5 Vnkj (h = ie 2, 3 6 Yi Ly, e (25) 


1 
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which we can also write 


n-1 


= (Yay — Siw) = 0 (h= 1,2,...n—1). (28% 


This linear homogeneous system must determine the focal 
directions PP’ (if they exist) in the hyperplane X, by giving 
their projections «, &, . . . €,_,; on the orthogonal directions 
1, 2,... 2” — 1 which we have associated with the ray r. 

The necessary and sufficient condition that the system (25’) 
may have solutions « which are not all zero, is that the deter- 
minant of the coefficients should vanish, 1.e. that w should satisfy 
the equation of degree n — 1 


lye 826 l= O- (eg = 1,2,.--— 1), . (26) 


To every root w corresponds at least one set of values of the 
e's, i.e. at least one focal direction PP’. Hence in general there 
are n— 1 of these directions, which, however, like the correspond- 
ing roots of (26), may be real or imaginary, distinct or coincident, 
or (in the case of multiple roots) may be capable of having an 
infinite number of determinations. 

In fact, the properties of the secular equation, as noted in the 
preceding section, hold for symmetrical determinants of the type 
(24), while the left-hand side of (26) is not in general of this 
form. There is, however, an important category of congruences 
with this characteristic, which we shall now consider. 

Normal congruences of rays.—If our congruence () is normal, 
then by (20) 


Ynhj — YVnjh (h, j = P 2, asta 1). 


We can therefore substitute $(ynij;-+Ynjn) for Ynyj;, 80 that (26) 
at once becomes identical with (24), which defines the canonical 
directions. It follows that the canomcal and focal directions 
coincide. Hence on the one hand we have the geometrical inter- 
pretation of the canonical directions; and on the other, from 
the properties noted at the end of the preceding section, we have 
the property that the focal directions are always real, and are 
in general determinate and mutually orthogonal; and further, 
that in the case of indeterminateness, when there is an infinite 
number of them, it is always possible (and in an infinite number 
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of ways) to choose n — 1 of them which shall be mutually ortho- 
gonal. . . 

As we are dealing with a normal congruence, there exists 
(by definition) a family of surfaces 


F(a, Gg, « « . By) = constant, 


which are cut orthogonally by the straight lines of the con- 
gruence; these lines therefore constitute the common normals 
to all the surfaces of the family. If we fix one of these surfaces, 
and associate with every point on it the n — 1 focal directions, 
we shall get » — 1 mutually orthogonal congruences of lines on 
the surface. These lines are called lines of curvature, by an obvious 
generalization from the lines so determined in the case of sur- 
faces in ordinary space (n = 3). In fact, given such a surface, 
say o, the normals to it form a normal congruence (since they cut 
o and the surfaces parallel to o orthogonally); and if we consider 
the two focal directions at every point of o we arrive at precisely 
the ordinary definition of the lines of curvature as those lines of 
o along which the normals to o generate a developable ruled 
surface. 

General Case.—If the congruence (n) under consideration is 
not normal, then in general, as we have seen, the focal and 
canonical directions at a generic point P of a ray r do not coincide. 
In order to find an interpretation of the canonical directions in 
this case, we should therefore have to examine in greater detail 
the behaviour of the rays of the congruence which are infinitely 
near 7. 

For n = 3 there is a classical discussion by Kummer,! giving 
a very illuminating interpretation of the canonical directions,? 
and pointing out in particular that the directions which bisect 
the angles between the canonical directions also bisect the angles 
between the focal directions (when the latter are real). 

We shall leave the question at this point, merely pointing 
out to the reader the possibility of analogous interpretations for 
n> 3. 


1See e.g. Branont: Lezioni di Geometria Differenziale, Vol. I (third edition; 
Bologna, Zanichelli, 1922), Ch. X. 

2 Of. T. Levr-Crvrra: “Sulle congruenze di curve”, in Rend. della R. Acc. det 
Lincet, Vol. VIII (first half-year, 1899), pp. 239-46. 


PAR Ty ITI 


Physical Applications 


CHAPTER XI 


EvoLuTIoNn oF MECHANICS AND GEOMETRICAL OPTICS; 
THEIR RELATION TO A FouR-DIMENSIONAL WoRLD 
ACCORDING TO EINSTEIN 


1. Hamilton’s principle for a free particle. 


We start from the equations of motion of a material particle 
in a conservative field. Let U be the potential for unit mass. 
The equations of motion, in Cartesian co-ordinates (referred 
to fixed axes) ¥;, Yo, Ys, are 


Mee oe Dighaee 9), FH) 
OY; 

where as usual dots represent differentiation with respect to the 

time ¢. If we denote the square of the line element described by 

the moving particle in the small interval of time dt by 


3 
a? — »; dy; 
1 


and if v is the velocity of the particle (in absolute value), then 


Hee Foes 
2 — = oh A 
dt iY; 


)) 


Putting L=wWw+U 
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it is known that the equations (1) can be summed up in the 
equation of variation 


5 | Edicion Oeie tee (2) 


which expresses Hamilton’s principle. 

Let us fix our attention for a moment on (2). It implies an 
interval of integration (¢), ¢,), fixed arbitrarily in advance; and 
_ the vanishing of the left-hand side of (2) for variations dy; of 
the y’s, zero at the extremities but otherwise arbitrary, is equiva- 
lent to the equations (1) being satisfied in the same interval. 

This case, in which ¢ does not vary (i.e. 6¢ = 0), is the 
simplest application of Hamilton’s principle. Various generaliza- 
tions, however, in which ¢ also varies, either freely or subject to 
certain conditions, have become classical. We shall shortly have 
occasion to discuss one of these generalizations which concern 
the equivalence between the equations (1) and (2). Meanwhile 
we may note that if the co-ordimates are changed in any 
way, so that the Cartesians y,, Y, y3; are replaced by any 
set of three curvilinear co-ordinates, or more generally by three 
Lagrangian parameters 7, %», 3, connected with 4, Y2, ys by 
relations which may involve the time and which are regular and 
reversible in the field considered, namely, 


(2's): Lp = Tr (Yo Yor Ys» 4) (h = 1, 2, 3), 
or, solving with respect to y; (¢ = 1, 2, 3), 

(75): 4 = Y: (2, La, X3, t) (2 =a ik 2; 3); 
then if we insert these expressions in L, it becomes a function 
L(x | ¢|t) of the arguments x, «, (h = 1, 2, 3), t, quadratic 
(in general not homogeneous) in the @’s. 

As we propose to consider Z as an invariant, it follows that 

(2) will hold for the Lagrangian parameters x, and we have only 


to find its explicit form. Calculating the variation and integrating 
by parts in the usual way, we easily find 


5 83 
3/Ldt = —|2q7%, 3m db, . eecsahin tote (2) 


where for shortness we have put 


= edo age L, 


Thom +5 ae SaaS 
dtr Dan 
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(Lagrangian binomials). The dynamical equations then take the 
form 
7, = 0 Rhys FUND) oe 0 ca thi) 


(known as Lagrange’s form); and it is to be noted that, in virtue 
of the invariance of the left-hand side of (3), the quantities 7, 
constitute a co-variant tensor, as pointed out in a similar case 


in Chapter V, § 15. It follows that the equations (4), i.e. 
a ann OL aes 
a ——S O h = 1 2 3)s . . 4? 
dt Of, O04; ( pet = 


are invariant (cf. Chapter V, § 15) with respect to the transfor- 
mations (7';) which leave LZ invariant. 


2. Time as a fourth co-ordinate. Space-time. World lines. 
An obvious consequence of Lagrange’s equations (4’) is the 
identity 
d {, See Py hore OL 
dt ie = On, ; ot 
Now suppose that in the interval (é, 4) the mdependent 
variable ¢ is also made to undergo a variation 6¢ which is zero 
at the extremities and is otherwise arbitrary. Since the z;’s are 
unchanged by this, while the derivatives ¢; = ie undergo the 
increments TS : 


it will at once be seen that, by an obvious integration by parts, 
the contribution of the variation of ¢ to 6 [L dt, namely, 


[i noae+ | aur sai 
1 


can be put in the form 
ty oL ad oe Sage 
dt dt 1 — —(L—X,~— a; 
f 5 3 ( ‘ 52%) 
which, as we have just pointed out, is zero in consequence of 


(4’). 


(D 655 ) 20 
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It is therefore possible, in dealing with the: Hamiltonian 
equation (2), to apply exactly the same treatment to the space- 
co-ordinates 2, Y», v3 and the time ¢. 

To simplify the argument, consider the four-dimensional 
manifold V, corresponding to four parameters 2,, ¢; the mani- 
fold, in which space and time are simultaneously represented, 
may be called space-time. 

A set of three equations 


Lt, = XY; (¢) (2 = i; 2, 3), 


or, in terms of kinematics, a motion, corresponds to a curve 
belonging to V,, and reciprocally. Such a curve is called a world 
line; it is an obvious generalization of the plane diagram (in 
which the abscissa is the time and the ordinate the space described) 
used to represent the circumstances of motion in a given trajectory. 
Adopting this expression, we can say that the integral curves of 
the equations (4’) are all those world lines of V,, and only those, 


for which the variation of the integral | Ldt vanishes, the ex- 
tremities being fixed. 


3. General transformations of co-ordinates in space-time. 
Simultaneity. 


The most general transformation of parameters in V, ob- 
viously includes three equations of the type (7), which substitute 
for the Cartesian co-ordinates y,, Y, y3 three independent com- 
binations of them, 7, 2, #3, also involving ¢; and a fourth 
equation which substitutes for the time ¢ a further combination 
L(Y» Yo. Y3, t) (independent of the three preceding equations). 
This new parameter 2% is sometimes called the local time, as it 
depends not only on the original time, but also on the point in 
question. A transformation (7',) is thus represented by the 
formula: 

mp \. § 2% = (Yr Yas Ya» 4), 

ee (Ty) 


An obvious but important property of such a transformation 
is the followmg. If two events are characterized by different 
values of 4, Y, Y3, but the same value of ¢, it will in general 
happen that after the transformation is effected, not only the 
space co-ordinates 2, %, x3 of the two events will be different, but 
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also the time co-ordinates v». This implies that two events which 
appear simultaneous with reference to the system 4, Y, Y3, ¢ 
are not in general simultaneous with reference to the system 
of the ’s; simultaneity is therefore relative to the system of 
reference. This evidently does not happen when the first of the 
relations (7',) is of the type % = 2 (t), or in particular x = 1, 
so that the (7) reduces to a (73). And it is precisely in order 
to avoid any conflict with the intuitive concept of (absolute) 
simultaneity that only transformations of the type (73) are 
considered in the classical physics. But a more acute criticism 
of this intuitive concept shows that, far from being a logical 
necessity, it has an empirical origin based on experimental 
results which can only be taken as a first approximation; it is 
therefore reasonable, in view of the speculative nature of our 
considerations, to admit the possibility of a more general con- 
ception of simultaneity. 


4. Einstein’s form for Hamilton’s principle. Its invariant 
character under any transformation of co-ordinates. 


So long as Lis taken to be invariant, the form of the integral 
L dt is evidently not invariant for a transformation (7',), since 
in general dt is replaced by an expression linear in all four 
variables z. We might try to replace the base LZ by something 
more general; it would then be possible to reach the required 
result, but the method would be complicated and infertile, and 
the loss in simplicity both of concept and of form would be 
much greater than the gain in generality. 

But it is not difficult to arrive at a significant form which 
shall be invariant for every (7',) if we regard Hamilton’s principle 
as an approximate result, the degree of approximation being of 
course sc high that in ordinary applications, astronomical as 
well as technical, the difference between it and the rigorous 
hypothetical principle shall be imperceptible. This will evidently 
be the case if the order of magnitude of the difference between 
the two, with respect to the values given by the ordinary theory, 
is not higher than the hundred-millionth (107°). 

A concrete application of this criterion is as follows. Let ¢ 
denote a constant velocity, large in comparison with the greatest 
velocity attained in the motions we propose to discuss. We 


292 ABSOLUTE DIFFERENTIAL CALCULUS 


shall consider quantities comparable with 8 = ° as small quan- 
c 


tities of the first order, and we shall consider quantities of the 
second and higher orders as negligible in comparison with unity; 


we shall also suppose that the ratio 2 is similarly negligible. 
c 


_ We note that this will in fact be the case if ¢ is comparable 
with the velocity of light, not only for ordinary problems of 
terrestrial motion, but also in celestial mechanics. In order to 
see this, we need only suppose that v is a planetary velocity and 
U the Newtonian potential which determines it, so that by a 
well-known result U (in the field of motion of the planet) is of 
the same order of magnitude as v. 

We may take 30 kilometres per second, corresponding to the 
earth’s motion in its orbit, as the order of magnitude of v. In 


round numbers, ¢ = 300,000 km. /sec., so that we have esti 
(approx.), and therefore ¢ 


2 
and Jes 10—® (approx.). 


Cc Cc 


We shall see farther on, in §§ 8, 9, and 16, that physical con- 
siderations lead us to take for ¢ precisely the velocity of light. 
Since d¢ must vanish at the limits of integration, we have 


8 [ae aes 


so that L can be replaced, as the integrand of (2), by 
eed!) 
ee — f= e(1—ye— 2). 


The terms — $f?, — S though negligible in comparison with 


unity, are essential in order to prevent the equation of variation 
from reducing to an identity. Terms of higher order may however 
be neglected. We may therefore write 


2 eas eA 2, 2U F : 
(6 <= — — 2 4 ¢ U: 
L eal! B cr/c Sy SS ) : 
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2 
so that, omitting the constant factor c and writing instead. of 


ev, the equation of Hamilton’s principle (which, as just pointed 
out, is equivalent to 5 | (c2? — L)dt = 0) can be replaced by 


B[ fo — Ue a0 — 20 dt = 0, 


or, putting ds? = (?—2U)d?—dl, . . . (5) 
by Sfds = 0. . es ig te eG) 


Since the value of dl,” referred to Cartesian co-ordinates is 
3 
=; dy;°, the ds? just introduced is a quaternary differential 
i 


quadratic form; it is indefinite, since for real and infinitesimal 
values of dt, dy,, dys, dy, it can have both positive and negative 
values. At the same time it is to be remembered that, for the 
phenomena of motion at present under consideration, we have always 
ds? > 0. 

To show that this is so, note that, taking out the common 


factor c?dé? and again replacing oo by v?, we can write 


dst = 8 ae (1-5 
c 


this proves the assertion, since the quantity in brackets is cer- 
tainly positive when the quantitative relations stipulated at the 
beginning of our argument hold. 

We may now note that if the ds? expressed by (5) is con- 
sidered as the square of the line element of the manifold V, 
(which contains both space and time), then (6) represents the 
characteristic equation of geodesics of V, (cf. Chapter V, § 23). 
It is true that the metric of this manifold is characterized by an 
indefinite quadratic form, but, as was pointed out in § 28 of 
Chapter V, this does not introduce any real complication so long 
as we limit our considerations to lines wholly constituted of 
elements for which ds? > 0, as it is in the present case. We can 
therefore say that the proposed modification of Hamilton’s 
principle imposes a metric limitation on the space-time manifold 
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V,, and that the mechanical problem of the motion of a free 
particle under the action of forces derived from a potential has 
been transformed—with an alteration of the laws of dynamics 
which is quantitatively very small—into the purely geometrical 
problem of the determination of the geodesics of a certain four- 
dimensional metric manifold. 

If for the arguments ¢, ¥,, Y:, Y3 We substitute any four inde- 
pendent. combinations of them whatever, 2, 2, %2, %3, by means 
of a substitution (7',), ds® will lose the special form (5) and assume 
the general type of a quaternary quadratic, 


3 
ds? = Din Gd U;day, +. « « « (8) 
0 


whose ten co-efficients g;,(= g),;) will naturally be, in general, 
functions of the 2’s. 

The essential point is that, ds* beg invariant, (6) is also 
invariant for any choice whatever of co-ordinates in V,. This 
constitutes a marked superiority of (6) over the original form of 
Hamilton’s principle. From the conceptional point of view it is. 
also to be noted that this change realizes Hinstein’s fundamental 
concept of general relatwity, which requires that it shall be possible 
to express the laws of any physical phenomenon whatever in 
a form which is invariant for every possible choice of co-ordinates, 
both of space and of time, without the time having to hold the 
privileged position assigned to it in the classical theories. 


5. Mass and energy: views suggested by the modification of 
the dynamical law. 


We shall examine in detail the form taken by the dynamical 
equations of the free material particle when the classical Lagran- 
gian function L is replaced by the function 


L* = —eV/2— — 20, 
which we shall write briefly in the form 


L* = 10K, 
putting 
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Substituting — @K for L in Lagrange’s equations, they 


become d aK 0K neg 
di oy, 8y;, 
or since 
Chae. Yi 
Ete ter ee ne et 
we have also 
Gig, aisle te 
i Hina ee es 


Remembering that K differs by very little from 1, we see 
that quantitatively these equations differ by very little from 
the equations (1). Considermg them from the point of view of 
form, and comparing them with the cardinal equation of classical 
dynamics 


(where Q is the momentum and F the force), we see that the 
momentum per unit mass of the old theory is replaced in the 


new by the vector whose components are - For a particle of 
mass m, and velocity V the vectorial expression for the momentum 


will therefore be 
mV 


AES ay Fe 


If we wish to retain the formal property that the momentum 
is the product of the mass by the velocity, we must take as the 
mass not the constant mp», an intrinsic property of the body in 
motion, but the quantity 

ih =, 
K 
which will be seen to depend on the velocity and the field of 
force. Neglecting the latter so as to fix the attention in the first 
place on the motion as it depends on the velocity, we reach the 
expression 


m, 
(es 
2 
ce 


i a 


296 ABSOLUTE DIFFERENTIAL CALCULUS 


from which it appears that m increases as the velocity increases 
and would tend to infinity if the velocity could reach the value 
c. In this sense we say that the typical velocity c, introduced 
to give an invariant form to Hamilton’s principle, is a limiting 
velocity. 

We now proceed to examine the concept of energy in the 
light of relativity mechanics. 
_ In the classical mechanics, given a generic Lagrangian func- 
tion L(y| 7%) (where L does not explicitly contain the time 2), 
the corresponding expression for the energy is 


3 
He oe DOES EIEN) 
1 OY; 
in the case where ZL can be broken up into a part T(y| 7%) homo- 
geneous of the second degree in the y’s, and a part U mdependent 
of them, this becomes, by Euler’s theorem, 


H — Ty|y)— Uy). 


It is known that 7 can be interpreted as the kinetic and 
— Uas the potential energy. Since we have replaced the classical 
L by the expression 


L* = —eV/@_@ = WwW = — eK, 


we must now determine the new expression H* for the energy 
per unit mass. 
Applying (8) we get 


8 
H* — »; TL 
1 


Ge esa 
Oy, 
3 r 
=—¢ {3 pas Kh; 
1 OY; 
substituting from equations (7) and using the expression for K 


we get finally 


ye — © 4U Co Oe 


2 carey ee Cy Fee CO) 
K vi ae 2U 9) 
: 


We see therefore that the energy cannot be divided into a 
part due to motion and a part due to position. Further, for 
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v = U = 0, the energy does not vanish, but remains equal 
to ¢: a remarkable fact, the ca Le tee of which will be 
seen In a moment. 

Expanding the radical in series we can write 


- _ 2G 
we ae( Oe geSs.) 


and therefore, retaining only terms of the second order, 
U 2 
H* = (12445) 
—U+ 4 


To this degree of approximation, therefore, the energy is 
composed of a kinetic part expressed as usual by 4v?, a part due 
to position which is still given by — U, and in addition a con- 
stant part (i.e. a part independent of both position and velocity) 
equal to c®; this last part is called the intrinsic energy of unit 
mass. A material particle of mass m, (at rest or moving under 
no forces) will thus have intrinsic energy m,c?. Now considera- 
tions of a different nature lead us to assign to this intrinsic 
energy a much more profound significance than that of a mere 
additive constant of conventional value; it is in fact taken to 
represent the effective atomic and molecular energy stored up 
in the body to the extent of 25 million kilowatt-hours for every 
gramme of matter. The possibility of the existence of this enor- 
mous quantity of latent energy is shown by phenomena of 
radioactivity: a sufficient example is the fact that any small 
mass of radium is capable of giving off for years and years, 
without perceptible modification, enough heat to raise an equal 
mass of water from 0° C. to boiling-point in every hour. The 
supply of heat would last for a very long time; more than 2500 
years for radium, and for other radioactive elements a period 
comparable with geological epochs. While radioactivity is not 
a general property of all bodies, yet it demonstrates the fact that 
(at least in certain cases) matter contains an enormous store of 
energy, and in this form the assertion can be generalized so as 
to extend to every atom of ponderable matter. 

Admitting the possibility of the existence of this intrinsic 
energy, the foregoing considerations result in our assigning 
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to it the value m,c?. If instead we return to the expression (9) 
for the total energy, and suppose that the potential U is zero, 
we find for the total energy (kinetic and intrinsic) localized in 
a body whose mass when at rest is mp, the expression 

MC? 


£= >) 
2 
yi-5 
(od 


and remembering the expression for the mass m as a function 
of the velocity we can also write this as 


Ee es i eS) EO 


. 


This result shows us that there is a proportional relation not 
only between the mass of the body when at rest and the intrinsic 
energy, but, more generally, between the mass and the total 
energy localized in the body. It also suggests the hypothesis that 
to any form of energy there must be assigned a mass connected 
with it by the relation (10); and, vice versa, that every mass m 
corresponds to a quantity of energy mc?. This hypothesis is 
supported by other considerations, and leads to the view, of 
primary philosophical importance, that energy and matter may 
be considered as different manifestations of one single entity, 
which appears as ordinary matter when it is, so to speak, suffi- 
ciently concentrated, while it appears as energy in widely different 
forms when there are no condensation nuclei present. 


6. Einstein’s form for the principle of inertia. Restricted 
relativity. 


The equations of motion in the original Newtonian form (1) 
imply, as is well known, a state of uniform motion when the forces 
are zero or, which comes to the same thing (except for a non- 
essential constant), for U = 0. Equation (2), which is rigorously 
equivalent to (1), therefore defines states of uniform motion for 
U = 0. This property also holds for the new Einsteinian form 
(6) of Hamilton’s principle, though it is not rigorously equivalent 
to equations (2). Before proving this we may point out that, for 
U = 0, (5) gives 

ds, = ded ieee aah) 
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By a mere change of the unit of measurement of time (the 
advantage of which will be seen shortly), ie. by putting ct = yo, 
this quadratic form becomes 


ds,’ = dy,’ — dl,?, 
and referring the space to orthogonal Cartesian co-ordinates, 
dsy’ = dyy — dy,” — dy,” —dy~. . . (11’) 


This is analogous to the ordinary expression for the ds? of 
a Euclidean V, in orthogonal Cartesian co-ordinates, except for 
the signs of the co-efficients, which make it indefinite; in this 
case the index of inertia! is 3. Hence the V, with a metric of 
this kind is called pseudo- Euclidean; the system of co-ordinates 
Yo: Yr» Yo: Y3, Which gives this form to ds?, is called pseudo- 
Cartesian or Galilean. 

It will sometimes be convenient to put the expression for a 
pseudo-Euclidean ds? back into the general form (5’); for this 
purpose we introduce the symbols 


Ses 


U 


—lforz = k+0, 


| Iofon2) ==. kee=10, 
0 fera == & 


(the notation being similar to that introduced in the note to 
§ 10 of Chapter IIT). We can then say that in pseudo-Cartesian 
co-ordinates the co-efficients of ds? are 


Gn = 8; 
We then have also, as is easily verified, 
Mere Gaye tin stn ee (12) 
Returning to the property enunciated at the beginning of 


this section, we note that, for U = 0, the expression for L* 
becomes 


ih a 
Dy = spay LH 
1 


1The index of inertia is the number of negative coefficients of a quadratic 
form when expressed (in any way) in the canonical form (i.e. so that it contains no 
product terms). 
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and that (6), which becomes . 
S/d 20, hppa a ieemai 


can be written 


5 Li dt = 0. 


The corresponding Lagrangian equations, from the fact that 
Ly does not depend explicitly on the y’s, at once give the three 
first integrals 


BND 
OY; 


= constant (2 = 1,2, 3), 


whence there follows the constancy of all the #,’s (the principle 
of inertia). Now consider a particular, but very important, 
category of transformations (7) specified as follows. From 
the set of four co-ordinates (¢, y,, Yo, Y3) We pass to a new set 
(é, 1, Ja, Jz) for which the form (11) of ds,” remains unchanged, 
this being understood in the sense that the transformation 
formule are to give identically 


3 3 
ds, == GAG (Rh Da dy;” = 2 dé? — x; dy;”. 
F il 1 


The equation (6') then ensures that in the new co-ordinates 
also, interpreting t as the time and ¥,, ¥2, ¥z as Cartesian co-ordinates 
the motion will appear uniform (restricted relativity). 

Transformations of this kind were effectively constructed by 
Lorentz, so that they may be called Lorentz transformations; 
we shall denote them shortly by (A) and discuss them fully 
in Section 8. Meanwhile we may indicate the characteristic 
property, pointed out by Professor Marcolongo, that, if we put 

4 


/-la= Yq; 80 that ds,” takes the Euclidean form — &; dy,’, 
4 1 

a Lorentz transformation leaves unchanged the form &; dy;*, and 
1 


thus (here too apart from any question of imaginaries) is sub- 
stantially identical with motion in a four-dimensional Euclidean 
space. 

To close these remarks on the effective existence of these 
special transformations (A) we may note an important corollary. 
Every (A), as we have said, transforms a generic uniform motion 
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into a new motion which is also uniform; but it is not possible 
to assert that the velocity is unaltered by the transformation. 
There is, however, at least one case in which this happens, namely, 
motion in which the velocity is that very large constant velocity 
e which we originally introduced in order to modify Hamilton’s 
formula in a way which should be quantitatively imperceptible, 
but fertile in its results. 

In fact, for a motion in which the velocity is c (with respect 


2 
° and 


to the parameters #, y,, Y2, ¥3), We have obviously c? = ae 


therefore ds? = d2®— dl? = 0. 


In view of the invariance, not only of ds,”, but also of the 
3 
special form c? dt? — &; dy; which we have given it, we have, on 


1 
passing to the new variables #, 7,, 9, 7, by a Lorentz transfor- 
mation, 


3 
Ce dt aiid x; dy,” = 0 
ay 


for the transformed motion as well as for the original one, and 
therefore the velocity is c. 


7. The kinematics of rigid systems. Ordinary method of 
approach and possible variants. 


In the foregoing sections we have been led to modify (very 
slightly in ordinary conditions) the dynamics of a material 
particle P, i.e. the relation between the motion and the disturbmg 
force. Nothing however has been, or need be, modified as regards 
the kinematics, i.e. the description of the phenomenon of the 
change of position of a poimt P with respect to an assigned 
observer 5, or in other terms with respect to a Cartesian system, 
in a certain interval of time. For convenience (the reason for 
this choice will be clear in a moment) we shall denote these axes 
of reference by O %, J Js, and the time by 7#. 

The equations of motion of P, 


Great (i aed, 28) (13) 


the velocity V as a vector of components 2 (=I, 2, 3), the 
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acceleration, &c., will all be as in the ordinary case. In particular, — 
there is uniform motion when V is constant, i.e. the g,’s are 
linear functions of f. In this case, taking one of the axes, say 
that of the g,’s, parallel to V, the equations (13) can be put in the 
simplified form 


A=Ritt, =F» I,= Fs - - (14) 

where v obviously denotes the velocity in the scalar sense (the 
component of V along ¥,), and 7}, 7, 7§ are the initial values 
of the co-ordinates 4, J, J; of the moving point. 

As is well known, there are in ordinary kinematics two ways 
of defining rigid motion and of investigating its problems; these 
are briefly as follows: 

(1) A rigid system is defined as a system consisting of any 
number of points P, P’, . .. of co-ordinates gj, J; .. - 
(¢ = 1, 2, 3), which move in such a way that their mutual 
distances.apart remain unchanged; 1.e. so that for any two points 
whatever of the system, P and P’, and for any movement of 
these points, the relation 


3 
LGi— GP = € 
1 


holds, the quantity d? on the right being constant (geometrical | 
characteristics of the moving system). 

In these relations and in their differential consequences 
are summed up all the properties concerning simultaneous 
positions, velocities, &c., of the various poimts of the 
system. 

(2) The ground covered by the equations just given for the 
relations between pairs of points is, so to speak, divided into 
two parts, the first expressing the intrinsic circumstance (i.e. 
independent of the system of reference =) that when the 
moving system changes its position with respect to Se keeps 
its configuration unchanged. This is equivalent to the pos- 
sibility of placing at the poimts P, P’,... an observer & 
rigidly attached to the body, who can be represented as usual 
by an orthogonal trihedron Oy, yy; with respect to which 
the position of each separate point of the moving system remains 


unchanged. In other words, the co-ordinates y,, yj, ... of 
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- these points with respect to these axes attached to the body do 
not vary with the time. 

At this stage the argument usually is as follows. In order 
to determine the position, with respect to the original system of 
reference &, of the whole moving system at a generic instant, it 
is only necessary to place the trihedron O y; yy y3 (attached to 
the body) in its proper position with respect to O49, Yo Ys 
Thus we again have to deal with transformation formule (variable 
from moment to moment) between two systems of orthogonal Car- 
tesian axes, and therefore of the type 


3 
: Gi aa By Mix Yr - $j (t) (@ = LB 2, 3), C (15) 


where a,, denotes the cosine (variable with the time, if the motion 
is not one of pure translation) of the angle between the fixed axis 
Of, and the moving axis Oy,, and ¢,(t) is a function of the time 
(linear if the motion reduces to a uniform translation). - 

The proposition in italics, or the equivalent group of formule 
(15), constitutes the complement of what may be called the 
intrinsic rigidity of the body (the existence of the trihedron 
attached to the body); the combination of the two gives us once 
again the kinematics of a solid body im its classical form. 

But if we analyse this complement a little further, we find 
that we can modify to some extent the ordinary idea of the 
motion of a solid body without giving up either intrinsic rigidity 
or the validity of Euclidean geometry. 

We need only introduce the hypothesis (independent of both 
the geometry and the kinematics of the point) that the measures 
of the distances between the points P, P’, .. . (and therefore also 
of angles) of our solid may differ according as they are made 
by an observer attached to P, P’, .. . or by the fixed observer &. 
While granting that the two observers may disagree as to the 
measures, it is to be borne in mind that, by hypothesis, the 
measurements are made by each of them in accordance with a 
Euclidean metric, and that (as in the classical scheme of things) 
the rigidity of the motion must always be respected, from the 
point of view of the fixed observer = as well as of the other. 
This requires that every distance apart of two points P, P’, 

. . of our system must remain unchanged in time, whether the 
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distance is calculated by 5 or by the other. For this it is neces- 
sary and sufficient that the transformation formule between the 
ys and the y’s, 


4; = Si (%4, Yoo Y3> t) (a = 1,2, 3), te (16) 


where the f,’s are a priori unknown functions, should be such as 


_ to make 


SRN eOF: ‘Off Oy ip 
de = ¥ 0g? = %, (a a ay | £7 
i OY ti Nog. AT oy, Yat ay, Ys) (17) 
independent of ¢ at every instant, whatever may be the differen- 
tials dy,. 
We get an obvious case in which this condition is satisfied if 
we suppose that the transformation formule are linear in the 


y, 8 (though not necessarily with respect to ¢), and in particular 
that they are of the form 


3 
Fi = An Cnt + Pil), eed a ae aie, CS) 


where the c’s are completely arbitrary constants, subject only 
to the qualitative condition that their determinant || ¢;, || does 
not vanish. It should be remembered that in the equations (15) 
the coefficients a,;, were in addition direction cosines (in some 
cases variable with the time) for two sets of orthogonal 
axes. 

A transformation of the type (18) between the y’s and the 
—¥s. is, at every instant (i.e. for any assigned value of ¢), linear, 
and therefore homographic, or rather affine, so that straight lines 
are transformed by it into straight lines. From our point of view, 
this means that curves which appear to the observer & to be 
straight lines are so also for the observer ©, and inversely. 

It would not be hard to show that, if we impose on a trans- 
formation (16) the double condition of making dl’ or the right- 
hand side of (17) independent of ¢, and also of keeping geodesics 
unchanged, we necessarily reach, if not an affine transformation 
(18), at least the product (in the sense of a product of operators) 
of an affine transformation by a rigid motion in the ordinary 
sense of the term. By a suitable choice of the trihedra of reference, 
the passage between the y’s and the y’s can thus be effected by 
applying in succession the two following transformations: 
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(1) An affine transformation given in its canonical form, 
i.e. by means of equations of the type 


Ve tet i 2 Yo: Vee 3 Y3> - (19) 


where the k’s are positive constants; 

(2) a transformation (15) between the 7’s and the y’’s. 

We shall not spend time on the elementary considerations 
which lead to this conclusion, and shall merely point out that the 
coefficients & of the equations (19) determine the deformation 
consequent on the affine correspondence between the y’s and 
the y’’s, while in the second change, from the y’’s to the #’s, there 
is no further deformation. 

It follows from this, taking (19) mto account, and considering 
the two observers X and ©, that a segment having the same direction 
as the axis Oy;, and of length | with respect to the observer X attached 
to the body, will appear to the observer as having the length ,); 
hence the factor k; is called the coefficient of elongation. The 
“ elongation ” of unit length is accordingly k; — 1; this represents 
an expansion or contraction according as k; > or <1. The 
formulz (19) of course provide, more generally, information as 
to the alteration in length of segments (and therefore of vectors) 
in any direction whatever. If the coefficients a; (¢ = 1, 2, 3) 
are the direction cosines with respect to the axes Oy, y y3 of a 
generic segment and / the length as it appears to the observer 


x, we obviously get, for the length / as estimated by , 


l= IJ he? ay” + he? ay” + ky” a3”. 


Returning for a moment to the ordinary equations (15) of 
rigid motion, we shall fix our attention in particular on the most 
elementary case (which will serve as a guide and a basis of com- 
parison in the argument of the next section), that of uniform 
translatory motion. We can then take the trihedron of reference 
O74, J, with one of its axes, say ,, parallel to the direction 
(by hypothesis constant) of the velocity, and we shall take the 
trihedron Oy, y2 yz attached to the body as coinciding with the 
fixed trihedron at the initial instant t = 0. 

The motion being translatory, the axes attached to the body 
remain parallel to the corresponding fixed axes throughout; and 

(D 655 ) 21 
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if v is the velocity of translation, the formule determining the 
motion evidently reduce to 


f= ATU, Yo= Y Ys = Ys > - (15’) 


We have thus again reached the typical equations (14) for 
each point (y;, Y2, Y3, constant) of the body. 


8. Romerian units. Study of Lorentz transformations. 


The equations (15’), which define in the simplest form an 
ordinary uniform translation, can obviously be associated with 
the identity 

t= t; 


We thus get a quaternary transformation between (4, Yo, Yap t) 
and (1, Gs, Js, #), which we shall denote by 7. 

We next observe that the most general representation of a 
uniform translation, with arbitrary choice of the two trihedra 
(one fixed, the other attached to the body), subject to the sole 
condition that the origins coincide initially, can be reduced to T 
together with two rotations independent of ¢. In fact, denoting 
as before the two trihedra of reference (fixed and moving with 
the body) by = and &, we shall denote by R a rigid rotation of © 
(round the origin O) which brings its axis Oy, into the direction 
parallel to the velocity of translation. Let R’ be an analogous 
rotation (round 0) of the trihedron ©; and R the inverse rotation. 
Then the transformation formule between (y,, y, y3, ¢) and 
(J1, Jo, Jz, £) are represented by the symbolic product 


RTR. 


Now consider the well-known kinematical deduction from the 
classical method of representing rigid motion, namely, that if 
we consider any velocity cu whatever with respect to X (c being 
the modulus and u the versor), this becomes cu + v with respect 
to &, if v is the vector representing the velocity of translation of 
= with respect to ©. This, as has been observed, is in contra- 
diction with the results of experiment, at least as regards the 
velocity of light, for which ¢ in cm. per second has the par- 
ticular value 3:10", which remains unaltered, even when com- 
pounded with a uniform translation (Michelson-Morley experi- 
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ment). The wish to restore concord between theory and experi- 
ment leads us to modify the equations (15’), and with them, if 
necessary, the equation ¢ = ¢, in such a way that the relation 
d3,° = ds,° (not merely di? = dl?) shall be rigorously satisfied; 
i.e. so that there shall be an identity between two quadratic 
forms involving not only the space co-ordinates but also the 
time. 

Special transformations. We propose to try to modify these 
transformation formule (as usual very slightly, at least for small 
values of v) so as to make ds,” invariant. For this purpose we 
shall have to replace ¢ sometimes by the variable 


Y= a 
and sometimes by the imaginary variable 


Y, = a= ys 


With this change, putting also = - = f, the equations (15’) and 
~ = ft become either 


I, = 114+ BY Io = Yo Ys = Ys Yo = Yo + (20) 
or 


I, = 4:1— *BYy Jo = Yo Is = Ys. Yo = Ys 20’) 


The real variable y, introduced here is only the time measured 
by choosing as unit the time taken by light to traverse unit 
space. Thus the velocity of light is 1 and the dimensions of time 
become the same as those of length. The character of a primary 
magnitude ordinarily assigned to the time thus disappears, the 
unit of time being linked up with the unit of length by means of 
the phenomenon of the propagation of light. It will be convenient 
to apply the term “ Rémerian” + to measurements of time 
made in this way; we shall similarly use the term “ Romerian 
velocities ” (which are pure numbers) for velocities referred to 
the Romerian time y). It obviously follows from the equation 
Yo = ct that a Romerian velocity is only the corresponding 
ordinary velocity divided by ¢; in particular, the quantity 


1From O. Romer (1644-1710), who was the first to discover and determine 
the velocity of light. His method was based on observation of the eclipses of 
Jupiter’s satellites. 
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oS c just introduced is only the Romerian velocity of trans- 
c 


lation. 

In accordance with Marcolongo’s remark quoted on p. 300, 
the transformations we are in search of must leave invariant the 
differential quadratic form ds,”, which we can write (introducing 
the imaginary variable y,) in the form 


ie ds. = dy,° si dys? te dys. Si dy,°. 


In order to obtain particular transformations satisfying this 
condition, we shall first consider lear homogeneous trans- 
formations. These will at once result, as we have already pointed 
out in the preceding section, in the condition (17) being satisfied, 
which interprets the transformation as equivalent to a rigid 
motion (if not in the ordinary sense, at least in the intrinsic sense 
there specified). As we are dealing with linear (and homogeneous) 
transformations, the invariance of the differential form — ds,” 
implies that of the algebraic quadratic form 


B= ty + Ys +H, 
and reciprocally. 

Starting from the equations (20’) we shall examine whether 
we can reach the required result if we keep the co-ordinates 
Yo, Y3 Invariant, 1.e. if we suppose 

Yo = Yx Ys = Ys 

We have thus to find a linear transformation between the 
variables (y,, y4) and (%,, J) which will leave invariant the expres- 
sion 

Yi Ya 

Hence (apart from the question of imaginaries) we have to 
discuss a rigid rotation, round the origin of co-ordinates, in the 
plane y,, y,, and therefore of the form 


J, = Y, Cosh — yy sing, 
Ya. = Y, Sind + yy cosd. 


If we introduce the real variables yp, J instead of y4, Gq, it 
will be seen that the necessary and sufficient condition for the 
disappearance of imaginaries from the ultimate formule is that 
the coefficient of y, should be real and that of y, imaginary in 
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the first equation, and vice versa in the second. To obtain this 
result, must be a pure imaginary; in fact, putting 


gd = wh (with x real), 


cosf = cosuys = coshy, 
sind = sinus = csinhy, 


we get 


where cosh and sinhys as usual denote the hyperbolic cosine and 
sine. 
Hence our transformation formule take the form 
J, = y, coshys + Yo sinhys 
Y2 = Yp ee (1) 
Ys = Ys 
Jo = Y, sinh + Yo coshys 


If we remember that in the equations (20) the pure number 
f is in ordinary cases fairly small, we see that in these cases the 
equations (21) differ quantitatively by very little from the 
equations (20), provided we suppose % sufficiently small for cosh 
and sinh not to differ by very much from 1 and 0 respectively. 

But we get a precise kinematical interpretation of the para- 
meter % on which the transformation (21) depends if for instance 
we fix our attention on the origin O of the moving axes, i.e. on 
the point whose co-ordinates are y, = Y, = Y3 = 0, for a 
generic value of yp, this last parameter denoting the time 
(Romerian time) as it appears to the observer &. For the fixed 
observer &, with respect to whom % represents the time (likewise 
Rémerian) and 7,, J, 7, the position, we have, corresponding to 
O and a generic value of yo, 


J, = Yo sinhy, Yo = Yo cosh, 


while 7, and 7 vanish. Hence the motion of O is rectilinear, and 
the ratio 7 

a = tanhy, 

Yo 
which is obviously constant, is the (Rémerian) velocity. Denoting 
this ratio by B, we have in the equation 


tanhs = B 
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the required kinematical significance of the parameter %. More 
generally, the same quantity 6 stands for the Romerian velocity 
of any other point P rigidly attached to X&. In fact, if y,, Y2, Ys 
are constants and y, a generic value, the result of differentiating 
the equations (21) is to give 
dj, = smbbdy), dy, = dy, = 0, dy, = coshib dy, 

whence it follows that 

diy 

a2?) == anh se 

_ Uo 


: SOE: 
Applying the ordinary formulee 


1 oe ie tanh 
/1 — tanh? a/1 — tanh?’ 


cosh = 


we can put the equations (21) in the form commonly used (the 
special Lorentz transformation) 


Ff pies 1 + BYo 
aw tee 
Yo = Ye , 
I Ok Beek SAA 
Y3 = 93 Soy 
Fg ge Leb 

n/ Tre 


or, using the ordinary instead of the Rémerian unit of time 
(i.e. and ¢ instead of % and y, with 7 = cl, y, = ct), 


y, = Alas 
yi-3 
Yo = Yo 
Gg = Ys cry Forties Oe Cae 
: t+ oth 


It will be seen that the necessary condition for these formule 
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to be real is 8? <1, or v<c; which once more demonstrates 
that the velocity of light ¢ is a limiting velocity. 

It can be easily verified that the formule obtained from 
(21’) or the equivalent (21) by solving these equations with 
respect to ¥1, Ya, Y3, and yp or ¢ differ from the first set only by 
the change of v into — v (and therefore of 8 into — £), and of 
course of the two sets of variables; precisely as happens for the 
equations (15’) and (20) which refer to an ordinary translation. 


2 
lf in particular we suppose f?, i.e. 77 (but not necessarily 8), 
P Pp e “6 


negligible in comparison with unity, the first three of the equations 
(21’’) reduce to the formule (15’) of the ordimary translation, 
while the fourth gives rise to an additive term denoting the 
difference of time between the two observers © and &, expressed 
by the equation k 

t=t+ 2 Y- 


It will be seen that the additional term bd y, depends on the 
# 


position of the point at which ¥ has to apply his own measure- 
ments of the time; for this reason f is called the local time. - It 
was associated by Lorentz with the ordinary uniform translations 
(15’) with the intention of explaining to a first approximation 
(i.e. neglecting 6”) the character of electromagnetic phenomena 
for bodies in motion; this requires explicitly that the relation 
dg,” = ds,° should hold to the same order of approximation. 
Later on Lorentz himself discovered the equations (21”’), which 
result in the rigorous invariance of ds,”. Einstein rediscovered 
them from the point of view of this invariance, which is the 
mathematical expression of his principle of relativity in its most 
elementary form. 

Let us examine the formule (21). They contain the best- 
known results (to some of which eminent students of relativity 
have assigned paradoxical consequences) of the kinematics of 
relativity. In the first place, the non-invariance of ¢, as noted 
above in § 3 in general for any (74), points to the necessity of 
abandoning the ordinary concept of simultaneity in the absolute 
sense. In fact, two instantaneous events, taking place at two 
different points of space, may correspond to the same value of 
t but not of é (a sufficient condition is that the y,’s should be 
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different), and may therefore be simultaneous for one observer 
who uses & as his system of reference and not for another who 
uses &. Hence the time ceases to be an absolute quantity and 
becomes relative to the system of reference and connected up 
with the space co-ordinates; it is in fact local time, to use the 
term already referred to as having been introduced by Lorentz 
in his researches on the electrodynamics of bodies in motion. 

_ Suppose that two events take place at the same point P of 
the body (and therefore with the same 4, Y2, y3), but not at the 
same instant, being separated by an interval of time At (measured 
in the system &): for the observer = the interval will be Aé, and 
the relation between the two is given at once by the fourth of 
the equations (21’’), noting that y, is constant, so that 


Apso 

J1i— & 
Hence for the observer who accompanies the pomt P where 
the phenomena take place, the interval of time A? is shorter 
than for the fixed observer &; i.e. we have a slowing down of 


the time with respect to D’s measure, as if the unit of measure- 
1 = 

—_———. times that used by &. 

J/1— BP 


Similarly two events which happen at what is for © the same 
point (i.e. with the same %,, %, Y,) but separated by an interval 
of time AZ, will appear to & to be separated by a longer interval. 
This follows at once from the fact pomted out above that the 
inverse formule of (21’) and (21’’) are found by changing v into 
—v and therefore 8 into — B. 

We shall now try to determine the difference, if any, in the 


ment had become 


estimates of lengths made by two observers © and &, each at a 
specified instant of his own time. Suppose, for instance, we wish 
to carry over to the observer © measurements made by . 
Substituting in the first three transformation formule of (21’’) 
the value of ¢ in terms of ¢ given by the fourth, we get 


Ut: Vi-Sute 
Jo Yo 
Ys = Ys 


| 


LORENTZ TRANSFORMATIONS 353 


which may be considered as resulting from the product of the 
affine transformation 


=a ni v oo , 

es Ys, os = Ys 
by the ordinary translation 

A="ntt, b= I= Ys: 


In this form of the equations the change in length is at once 
obvious. We need only refer to the conclusions of the preceding 
section, noting that the elongation coefficients k,, k,, k3; of the 
formule (19) are in this case represented by </1 — f2, 1, 1. 
Hence if the fixed observer estimates distances at a generic 
instant f, and if his results are compared with those of the observer 
attached to the moving body, who is also estimating the same 
distances at any instant whatever of his own time, then the former 
observes a contraction, in the ratio /1 — B?: 1, for longitudinal 
segments, i.e. in the direction of motion, while there is no change 
for transverse segments, i.e. perpendicular to the velocity of 
translation. 

The inverse formule, for the change from > to Dy, differ, as 
we have already said, only by the change of v mto — v. Hence 
the same rules hold good; e.g. fixed segments in the direction of 
motion will appear to the moving observer as contracted in the 
ratio x/] — 62:1 in comparison with the measurement of them 
made by the observer &; and so on. 

General transformations. We propose lastly to prove a result 
analogous to one shown above to hold for the translations of 
classical kinematics, namely, that the most general Lorentz 
transformation (A) (i.e. a linear transformation between two 
sets of four variables y; and 4; (« = 1, 2, 3, 4) for which the 
quadric g remains invariant) can be represented in the symbolic 
form 


Roa 


where R and RP are ordinary orthogonal transformations (rota- 
tions) between (y;, Ys, Y3) and (J,, Jo, Js), and & is a special 
Lorentz transformation of the type studied above. 
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The transformation (A) will be a quaternary orthogonal 
transformation of the type 


4 
qn, = 2 th Yio ie Gh st a Ay 


whose coefficients a,,, constitute an orthogonal matrix, i.e. such 
that . 4 


pa Anke Dire => 5), . . . ° . (23) 
1 

4 2 : 
2 Onn Dn; = a ° ° ° . 5 (23 ) 


(hj = 1, 2, 3, 4). 


In order that the variables 7, %, Ys, Yi, Yo Y3, Taay be 
real, and 7, y, pure imaginaries, we must evidently have ap, 
(h, k <4) real, a,, and ay, (k < 4) pure imaginaries, and ay, real. 

We shall of course interpret 4, Ya, Ys a8 Cartesian co-ordinates 
with respect to a trihedron K rigidly attached to X, and y, as 
the time variable; and similarly for the 7s. 

The directions of the trihedra K and K are a priori arbitrary; 
we shali now determine a rotation R for K and a rotation R 
for K such that we shall have 


A = R&R. 


To do this, we consider, with reference to K. , the vector whose 
components are 44, G4, @343 let i denote the relative versor. If 
we turn the trihedron K round in such a way that its axis qy 
takes the direction of i, we shall have 


Oo, = O34 = 0; 


we shall take this as the rotation R. 
Now from the identities (23) and the values just given it 


follows that A : 
Li, Ag, = Dj, Osi = 1, 
; 1 
Ly Ap, Ap = O, 


so that the two vectors determined (with respect to K) by the 
components a5,, a3, (k = 1, 2, 3) are of unit length and ortho- 
gonal. We shall call them j, k, and shall take as the rotation R 
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the rotation which turns the trihedron K so that its axes yp, y3 
coincide in direction with the vectors j, k, so that we get 


ieee OS es Cat ae co aa 0. 


As a result of the two rotations R and R the form of the 
matrix of the a’s comes to be 


On Q12 Qi3 O14 
0 1 (0) (0) 
? 
0 0) 1 0) 
Ag, 49 O43 Aga 


and, from the group properties of orthogonal substitutions, this 
matrix must also correspond to a substitution of this kind (since 
it is the result of the product of the original substitution by two 
rotations). A consequence of this is the vanishing of four other 
elements of the matrix: in fact, the conditions that the first line 
of the matrix shall be orthogonal with the second and third lines 
respectively are Aer 
and similarly, taking the fourth line with the second and third, 
we get it a 

oy =) ge toe 0: 


Thus we finally get the matrix m the form 


O11 0 0 O14 
0 1 0 0 
0 0 1 0 
Oy 9 0 Aga 


which corresponds to a transformation of the type (21), i.e. to 
a special Lorentz transformation £. We have thus shown 
that, through the two rotations R (for the trihedron K) and 
R (for K), the general transformation (A) reduces to a special 
transformation £. 

So far we have considered only linear transformations. The 
question may be raised whether we should not get greater 
generality if this restriction were removed. In this connexion 


316 ABSOLUTE DIFFERENTIAL CALCULUS 


we shall merely say! that the linear transformations studied 
here are the only ones which, in addition to retaining the 
invariance of ds)’, make finite values of the ys correspond to 
finite values of the y’s, and wice versa. 


9. Relative motion. Composition of velocities. Kinematical 
justification of a formula of Fresnel’s. 


In order to show the relation between the various aspects of 
a single motion—let us say specifically the motion of an assigned 
point P—with reference to two different observers © and %, it 
is only necessary to use the transformation formule between 
the corresponding co-ordinates. This holds both in ordinary 
kinematics and in relativity kinematics, with the reminder that 
for the latter the time y is among the co-ordinates affected by 
the transformation. 

Consider in particular a Lorentz translation, which, as we 
have seen in the preceding section, is defined by the formule 
(21’), suitable choice being made in advance of the two trihedra 
which represent the observers and are denoted by © and &. 

Now suppose that the motion (which we can call relative) 
of the point P in relation to & is given; i.e. that the expressions 
Y; (Yo) (« = 1, 2, 3) for its three space co-ordinates are known 
formally as functions of yy (the Romerian time). To obtain a 
representation of the absolute motion, i.e. the motion with 
reference to %, it is obviously sufficient to find the expressions 
for the co-ordinates 7; (i = 1, 2, 3) of the point P as functions 
of the new time variable 7. The transformation formule (21’) 
give the required result at once; in fact, if we insert in them for 
the y,’s the expressions y; (yj) belonging to the moving point P, 
all the 7’s become known functions of y); and if we suppose this 
parameter found from the fourth equation 


rpm ame 
1— P 
and substituted in the first three, we get the equations of absolute 
motion in their explicit form. 


'¥For the proof, cf. C. Munart: “Sopra una espressiva interpretazione cine- 
matica del Principio di Relativit’”’, in Rend. della R. Acc. dei Lincei, Vol. XXIII 
(1914), p. 781. 


al 


eae % dt 
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The resulting relation between the absolute and relative 
velocities is especially interesting. The vector rule no longer 
holds that the absolute velocity = the relative velocity + the 
velocity of the moving origin (the latter, in the case of trans- 
lations, of course reduces to the velocity of translation, whatever 
may be the instantaneous position of P). The relativity com- 
position of velocities is a little more complicated. In order to 
see what happens in the clearest case, we shall consider a relative 
motion parallel to the translation v. With this hypothesis the 
co-ordinates y, and ys of the pomt P are constant, and, from 
(21’), J, and , are also constant, or, in other words, the motion 
with respect to ¥ is also in the direction of the translation. 
Differentiating the first and fourth equations of (21’), we get 


°F dy, + Bdyo, 
Yy rr mE =x B Z 
re! dyy + Bday, 
oe yt Be 


Putting for the sake of shortness 


dy dy, 
fo = = Be aaa 2 
dij dYyo 


so that B, and £, are the velocities (scalar and Romerian) of the 
point P with respect to X and & respectively (absolute velocity 
and relative velocity), the foregoing formule, on dividing the 
first by the second, give 
B, + B 
ee ee us peat, 024) 
Gap 


this is what is called Einstein’s law for the composition of 
velocities. Multiplying by ¢ and remembering that y, = ct, 
Jo = ct, we can evidently replace the Rémerian velocities 


dif, dy 
Cane B, Sat pe: 
P Y dyg 
dif, pee dy, 


, B, by the corresponding ordinary velocities 


, v, and write 


i. 9% 
= rt 


Sapa Te Me ee 24’ 
1+ PB, he 
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If both the velocity v, of P (with respect to X) and the velocity 
of translation v are small in comparison with c, the denominator 
differs from unity by a term of the second order; if we neglect 
this difference we get back to the fundamental relation of ordinary 
kinematics (which may be called Galilean) 


0, = 0. 0; 


‘in view of the criterion we are applying, this result was of course 
to be expected. In general the equation (24) shows that, for | B | 
and | B,| less than unity, | 8,| also <1; while, for | 6| or 
| 8, | equal to unity, | 8,| also = 1. To prove this, note that, 
whenever | 8| <1 and | B,| <1, 


(Li-- 88;)? = (8 4 B,)) 6 ea) 


is always positive, so that 8 = ie se \< 1; while for 

1+ BB, 
[B| =.1, or | 8. t= Lap? = 1; which proves the requires 
result. We thus find once more the limiting character of the 
velocity c of light: however near v, may be to ¢, provided it is 
less than ¢ (8, < 1), if it is compounded with another velocity of 
translation v, less than c, but as nearly equal to c as we please 
(| 8| <1), the result will always be less than c, or in other 
words | 8, | always <1. Vice versa, the velocity c for & remains 
c for any &, whatever may be the velocity of the (Lorentz) 
translation with which the two observers are moving with respect 
to one another. 

Within the scale of velocities of ponderable bodies (velocities 
small compared with c), the relation (24’) reduces sensibly to the 
Galilean formula v, = v,-+ v, as we have already said. But 
when the phenomenon of motion under consideration is the 
propagation of light in a transparent medium, so that the velocity 
has an order of magnitude comparable with that of c, then the 
divergence between the Einsteinian and the Galilean kinematics 
becomes striking, and lends itself to experimental verification. 

Kinstem has in fact drawn from this a magnificent argument 
in support of the theory of relativity. He deduced logically (by 
a purely kinematical proof +) from (24’) a formula of Fresnel’s 


‘Even before Hinstein, Lorentz had given a theoretical justification of Fresnel’s 
formula, based on his celebrated electron theory of the electromagnetic phenomena 
of bodies in motion. Hinstein’s explanation is plainly more attractive. 
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concerning the movement of light waves through transparent 
media in translatory motion; a formula which was experimentally 
confirmed for the first time by Fizeau (1851), whose experiments 
were repeated with improved methods by Michelson and Morley 
and by Zeeman. 

The argument is briefly as follows. In a medium of refractive 


index p, it is known that light is propagated with velocity ok if 
pe 


the medium is at rest. Suppose instead that the medium has a 
velocity v in the direction of propagation of light (in the same 
or the opposite sense). Ordinary kinematics would lead us to 
expect that the velocity of propagation (with respect to the 


observer) would become 4 +; Fizeau and the others, however, 
pe 

by delicate experiments on interference phenomena, found that 

the amount to be added to © (or subtracted from it) is not the 


Be 
whole of v, but v multiplied by the coefficient (<1) 1 — ES 
be 


so that the velocity of propagation is ; 
£ +o(1— 4). ts (a Teh lloay sh (25) 
be be 


is known as Fresnel’s convection coefficient. 


| 


The factor 1 — 


—~s 
iw] 


The expressions (25) are evidently not in agreement with the 
Galilean kinematics. But they are in excellent agreement with 
the Einsteinian kinematics. In fact, let us consider, to fix 
ideas, the case in which the motion of the medium is in the same 
sense as the propagation of light, so that we take the + sign in 


(25). Then (24’) holds when we put © for v, and therefore : for 


B,. Hence it gives a H 
e +4 
0. = ae 
ee 
pe 
or, neglecting terms of the second order in a( oe ‘), 


eae eer a 
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The last term is also of the second order with respect to the 
first, so that we are left finally with Fresnel’s formula 


Oo £4 (1-4)o 
td bh 


10. Further generalization of the metric of V,,, still coinciding 
- to a first approximation with ordinary dynamics. 


We now propose to see whether it is possible to assign to the 
V, other metrics slightly different from that characterized by 
(5), but such that the dynamical principle underlying them is 
still equivalent, to a first approximation, to Hamilton’s principle. 

We return to the general form (5’) of ds?, and observe first. 
that the particular form (5) just considered is a case of (5’) 
obtained by identifying the time co-ordinate x with ct and the 
space co-ordinates 2%, %, % with the Cartesian co-ordinates 


Y> Ya Y3> and putting 


2U : 
One aa = Of ge = — SG = 1825-3) C6) 


If now we wish to consider a metric whose coefficients g 
differ by very little from the values (26), we can put 


Go = 1— 2, Joi = — Ye Ju = —8% Ya (26) 
U 
where = = + x, 


with the understanding that the quantities y (which as regards 
dimensions are pure numbers) are of the second order (i 7) 
a 
or higher order with respect to 5 while % (which also has the 
c 


dimensions of a number) is to be considered as of at least the 
third order. 

With these values for the coefficients, and taking the variables 
41, Y2, Y3 to be co-ordinates differing very little from Cartesians, 
we can write ds? in the form 


3 3 ‘ 
ds* = (1 — 26) dy.” — 2dyy 2s yi dy; — Diy, (BF + yx) dy; dy, (27) 
a 
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If we denote derivation with respect to yy by a dash, and put 
3 
P=.= = yi 
$ ’ 
T= 3 y, ROP eed 02>) 
1 


3 
T, = 3 *a Vike Yy; Yr 
we shall have , 


ey ag ore = op es 
dy — 24 — 2T, — 2T, — P?. 


It is to be noted that since y; = et is of the first order, 
c 


it follows that 7, is of the third and TY, of the fourth order at 
least. 
To shorten the work, we shall introduce the quadrinomial 


P= p++ T+ He 
observing that it is composed of terms of the second order, 
which can be written - (4c? + U), plus terms of higher order. 
We then have y 


ds? 


a= La 2P, 
dy 


and we can extract the square root, neglecting powers of I 
higher than the second (i.e. terms of order higher than the fourth). 
To this degree of approximation we get 


de) pay, 


dy 
i.e. rewriting c dt for dy), and multiplying by edt, 


eds = dt — cdi(T + I”). 


Substituting this expression in the variational equation of 
dynamics 
Seda = 0, 


(D 655 ) 22 
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and remembering that 5¢ vanishes at the limits of integration, we 
see that this equation reduces to 


8[e2(0 + 402)dt = 0, 


and that the corresponding Lagrangian function is therefore 
Loe el) 


or expanding, and neglecting terms of order higher than the 
fourth (in the sense just defined, i.e. ignoring the presence of the 
factor c?), 


=WtULeT, +27, + e+e “(eS ik uh aS (29) 


The first two terms of the expression on the right (reduced 
to zero dimensions, i.e. divided by c?) are of the second order; 
they constitute the Lagrangian function of the classical mechanics, 
from which we began our investigations. 

The successive terms of (29) (reduced to zero dimensions in 
the same way) are of higher order: hence they will represent 
small corrections to be applied to the equations of motion. The 
metric (27) which we have here assumed still gives, therefore, 
to a first approximation, the same laws as are deduced from 
Hamilton’s classical principle. Besides the potential U, it 
contains the ten functions %, y;, y,, of the four variables y (position 
and time); these are small, as we agreed, and as we have repeatedly 
had to remember in making the various transformations, but 
are a priory arbitrary. We shall see farther on how the law of 
universal gravitation and a criterion provided by the tensor 
calculus lead to the determination of these ten functions (from 
ten differential equations), and so to an explanation of some 
slight divergences which have been observed between the results 
predicted by the Newtonian mechanics and the true motion of 
the heavenly bodies. This more exact correspondence between 
theory and observation provides a physical justification of 
Kinstein’s new method of approach, which further incontestably 
represents an enormous speculative advance through its charac- 
teristic of securing invariance for all transformations of the 
co-ordinates, not only of space, but also of time. 
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11. An important particular case. Corresponding trajectories 
and their identity with those of an ordinary mechanical problem. 


We shall now apply the expression (29) for Z to a special case, 
the interest of which will be seen in next chapter (§ 8). Suppose 
that we have 

T= 0; 


PS 4X 


(either exactly, or neglecting terms of order higher than the third 
and fourth respectively), where y is a function of the y’s of at 
least the second order. Suppose further that % and y, like U, do 
not explicitly depend on the time. We shall meet later on a 
characteristic example in which this condition is satisfied. 

The expression (29) can now be written 


9 2/12 — 2 
b= w+ +x)eo+es (2S ")" oo) 


Le 2 
It is to be noted that ie = in the last term is of the 
a 


fourth order, while the principal part of L is of the second order; 


1) __ 
hence, in this last term, we may calculate 2° 5 S only to a first 
z 


approximation. But we know that to a first approximation the 
classical mechanics holds, and that therefore the integral of vis 
via exists in the form 


dy? — U = E, = constant; 


hence the last term on the right of (30) can be replaced by the 
constant 4#,”/c?, or even suppressed, since a constant contributes 
nothing to the variational equation. 

The remaining terms of LZ can be separated into two groups, 
according as they do or do not depend on the velocity, by putting 


T = w(1+7 +x) 
Uy cl 
fipemees pele OA 


and therefore 
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This form of the Lagrangian function corresponds exactly 
to the form found in the classical mechanics (for a system with 
three degrees of freedom, if not for a material particle), if we 
consider 7 as corresponding to the vis viva and U to the potential. 


Further, it is known! that, whenever (as in this case) Z is a 
quadratic form in the quantities 7, = 2 not explicitly con- 


- taining ¢, and Uis a function only of the Lagrangian co-ordinates 
y, then the differential equations arising from 


8|(L+ U)dt = 0 
admit of the integral (of vis viva) 
Lie iO 


where # is a constant (the total energy), and the trajectories 
corresponding to a given value of # are identical with the geodesics 
of a manifold such that the square of its line element is defined by 


ds? = 2(U + BE)T de. 


(Principle of Stationary Action.) Applying all this to our case 
we shall have the integral of vis vwa in the form 


w (14+ 724 x)—-(U+ eH) = B, 


and, for any value of # fixed in advance, we can assert that the 
trajectories coincide with the geodesics of the manifold 


ds2 = (uo + eb + B) (1 mie a a x) dl,?, 


3 
where dl,2 = &; dy?, 
1 


or with the trajectories of the motion, in ordinary space, of a 
material particle with total energy zero, and acted on by forces 
derived from the potential 


5 2U 
U, = (U+ey+H) (14+ 72 +4), 
1Cf. for example Lrvi-Crvira and Amaupr: Lezioni di meccanica razionale, 


Vol. II, Chapter XI, No. 16 (Bologna, Zanichelli; in the press); or WHITTAKER: 
Analytical Dynamics, 2nd edition, Chapter IX (Cambridge University Press, 1917). 
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which can also be written (neglecting constant terms and terms 
of higher order) as 
2U2 2U 
U, = U+ep+ nee Ux+E (7 
12. Qualitative characteristics of relativity metrics. Geodesic 
principle for the dynamics of a material particle. Stationary and, 
in particular, statical line elements. 


In accordance with the remarks at the end of § 10, the 
metric of the space-time manifold V, in the region round a generic 
point must be regarded in concrete cases in close connexion with’ 
the physical phenomena which take place in space and time, 
particularly in the neighbourhood of the point and instant con- 
sidered. The quantitative dependence will be duly established 
in next chapter. At any rate, in ordinary cases, as has been 
seen, we can never go far from a pseudo-Huclidean metric. This 
leads to the condition that in the real world of physics the metric 
of V, is to have the same qualitative properties as those belong- 
ing to the pseudo-Kuclidean metrics. In particular, the index of 
inertia must be 3, which implies (as could be proved) that in every 
set of four orthogonal directions drawn from a generic point, 
three are spacelike (ds? < 0) and one is timelike (ds? > 0). 

By “relativity metric ” we shall from now onwards mean an 
indefinite metric subject to these qualitative restrictions. 

In a V, with a definite metric there is no qualitative distinc- 
tion to be made between the various lines in it, while in a relativity 
V,, as we have already pointed out, we have at every point 
three kinds of direction, according as ds* < or > or = 0, and, 
corresponding to these, three kinds of line—spacelike, timelike, 
and lines of zero length. Naturally the classification is much 
more complicated for manifolds of two or three dimensions 
immersed in a V, with an indefinite metric; and the same choice 
of the variables of reference (which is geometrically equivalent 
to the choice of co-ordinate hypersurfaces) would in general 
require preliminary close study of the local behaviour from this 
point of view. 

We shall avoid any discussion of this kind, and shall impose 
some limits on the arbitrariness of the choice of co-ordinates 
by taking as a model what happens in the case of a pseudo- 
Euclidean ds? referred to ordinary time ¢ (or a linear function yp 


+x). 6D 
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of t) and three space co-ordinates 2,, %», %3, which are entirely 
arbitrary. Of the four co-ordinate lines one (y)) will then be 
timelike and the others spacelike; further, on any hypersurface 
Yo = constant we have 


(ds?),, = const, — —_ dl?, 


- where di? is a positive definite differential quadric, so that we can . 
say that.a purely spacelike metric, like that of ordiary geometry, 
holds in every timelike section of the space-time. We shall 
constantly refer the relativity manifold V, to co-ordinates 7%, 

“@4, Gp, tq, for which this qualitative property holds. 

Granting these various preliminaries we reach the following 
geodesic principle—derived from the particular cases in sections 
4 and 10 by an obvious generalization— which, in Kinstein’s work, 
appears as a fundamental law of the dynamics of a material particle 
in clearly specified physical conditions (i.e. for an assigned ds?): 

The world lines of a generic free material particle are identical 
with the geodesics of the corresponding ds”, and more precisely 
with the timelike geodesics. In other words, these world lines. 
satisfy the variational equation 


sds = 0, 


making at the same time ds? > 0. 

Among the relativity metrics special interest attaches to those 
in which it is possible to choose a system of reference such that 
the ten coefficients g,, shall all be independent of the timelike 
parameter a ; metrics of this kind are called stationary (in 
relation to the particular system of reference chosen). The 
justification for this name is obvious if it is remembered that in 
physics a phenomenon which takes place in a continuous medium, 
and is determined by a certain number of parameters which are 
functions of position and of the time (e.g. the motion of a fluid) 
is called stationary if these parameters do not depend explicitly 
on the time. 

In particular, a stationary metric will be called statical when 
the coefficients gj; (¢ = 1, 2, 3) of the three product terms in 
dz, vanish, i.e. when in the expression 


3 3 
P? = go+ oe Goi %i “1 *it Gin 0; %  . ~ (82) 
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(in which dashes denote differentiation with respect to 2) the 
terms of the first degree in x; are missing. The justification for 
the name is somewhat more indirect, and will appear from the 
following considerations. 

It is known, and can in any case be verified at once, that when 
Lis an even function of the x’’s (as in the case we are considering) 
the Lagrangian equations (4’) define a reversible motion, i.e. such 
that if P = P(é) represents the motion starting from a certain 
initial position Py with an initial velocity vp, then on changing ¢ 
into — ¢ (i.e. considering the motion defined by P = P( —12)) - 
we have the solution corresponding to the same initial position 
and the same initial velocity but in the reverse direction. Further, 
in the classical mechanics it is known that the motion of a particle 
is reversible whenever the field of force is invariable with respect 
to the time, i.e. when the field is staézcal (in the ordinary sense of 
the word). Hence the application of the term statical to a relativity 
metric whose geodesics are reversible with respect to the timelike 
variable Zp. 

In the statical case it is usual to put 


Jo = V?, Gu = — Vx 


so that (32) becomes 
3 


I? = V2 aa Dix it x, ty, Se eelk we gs (32’) 
: 
this coefficient V? has an important mechanical meaning, which 


we shall now explain. 
If at a given instant the velocity of the moving point vanishes, 


i.e. if each x, = 0 (case of initial motion starting from rest), 
we have in particular from (4’) and (32’) 
3 2 
” ,oV Ce Bi 


2 Ain Ly = — 3 aa 


i 
(the two dashes of course denoting double differentiation with 
respect to 2); these define the quantities az, as functions of 
position. The terms on the right, 
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being derivatives of a single function — $V?, evidently constitute — 
a covariant system (for any transformations whatever of the 
space co-ordinates). Hence the X,’s constitute the covariant 
components of a spacelike vector F = grad (— 4V*). The 
contravariant components 


3 
aN ae tk 
X' = 3a" X, 
1 


of this vector, from the preceding formule, are identical with the 
initial accelerations. Hence the vector F obviously provides the 
statical measure of the force (per unit mass) of the field (the 
initial acceleration of a free material particle, or, if preferred, 
the force per unit mass which must be overcome to maintain the 
particle at rest). 

Consider, beside the point P of co-ordinates x;, a neighbouring 
point P’ of co-ordinates x; -++ dx; and the (invariant) trinomial 


Defining, as is natural, the virtual work of F for the displace- 
ment PP’ as the product of the displacement by the ortho- 
gonal projection of the force (just as m ordinary Euclidean 
space), the preceding identity shows that —4V? constitutes 
the potential function of the force acting in the field im statical 
conditions. 

As has been seen just above, in the statical case the force in 
the field can be very simply expressed by means of the single 
coefficient Jy = V*. In more general conditions, the whole of 
the mechanics of the point is summed up in Hinstein’s geodesic 
principle, or, as an alternative form, in the consequent Lagrangian 
equations (4’); an analogous argument can also be developed for 
the initial motion, and the expression for the force in the field 
(at a generic point and instant) as a function of the g’s deduced 
from it, but the results are by no means so simple and expressive 
as in the statical case. To put it briefly, the concepts of mass, 
force, and energy are all contained in the four-dimensional metric, 
but, at least in general, the task of distinguishing between them 
and associating them with the coefficients of ds? seems to be neither 
easy nor fruitful of further results. 
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13. Versors in a V, with pseudo-Euclidean metric. 


An important fact in connexion with a versor (unit vector) 
in the space-time manifold V, is that it can always be made to 
correspond to a vector in three dimensions. This follows from the 
fact that it has four parameters (or moments), only three of which 
are independent, in virtue of the quadratic identity expressing 
that the length of the vector is unity (cf. Chap. V, § 3). The 
interpretation of a vector of this kind as a velocity gives par- 
ticularly interesting results. 

Let us consider—limiting the case to a pseudo-Euclidean 
V,—a generic motion defining y,, y2, y3 aS functions of yp, and 
giving rise to a world line in Vy. If, as we shall first suppose, 
the velocity of the motion < c¢, we shall get a timelike line, in 
which the corresponding 


3 
ds* = dy’ — X;,dy? = dy)? (1 — B?) 
L 
is positive. If, on the other hand, the velocity > c (i.e. B > 1), 
ds? is negative, and we shall have a spacelike versor (cf. Chap. V, 


§ 28). In either case, denoting as usual the components dys of 


Yo 
the Romerian velocity by 8; and the direction cosines of this 
velocity by a; = we obviously get the expressions 

2 = dyy = 1 
[dso] 1 — BP 

é — dy; dy es B; ae B a; ( _ iN 2, 3), 
dyy |dsy| S1— Eos p" 


for the parameters of the world line (i.e. of the versor § tangential 
to it). 

Given the three components of an ordinary vector B, these 
formule determine the four parameters €' of a four-dimensional 
unit vector (versor) §, and vice versa. Given f, the versor (in 
the ordinary sense) a belonging to it is of course fixed without 
ambiguity (provided 8 +0). It will sometimes be convenient 
to describe « as the versor reduced from the four-dimensional 
versor §. For 8 = 0 the versor § has its components €}, &?, €8 
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all zero, and is accordingly called purely timelike. If instead we 
consider the case of a very large velocity in a direction @ (i. 
if we make B tend to infinity, while the ratios between the f’’s 
remain determinate), then we have €° = 0, while the other 
components ¢' reduce to the direction cosines a’ of the reduced 
versor. In this case the four-dimensional versor & is called purely 
spacelike; it is tangential to the three-dimensional manifold 
(space) % = constant, or rather coincides with the versor « 
belonging to this manifold. 

All this can easily be extended to the case of a V, of any 
metric whatever, referred to any co-ordinates %, X1, 2, Xz, the 
first timelike and the other three spacelike, and characterized 
by the form 


ds? = Su 9, 00,00, = 0a Le 
where L? denotes, as in § 12, the expression 
V+ 2 Squat — Be 
dl 


and, as usual, B = qa 
x, 
0 


Given a generic versor of parameters 


3 dx: : 
gi = re (= n0ees) 
we shall have 
dz, il 
0 en 0 ae — 
é | ds | LG 
gi dx; di, “ty wee, B dz; 


~ Vdelee “de ildelue ie cual 


14. Digression on geodesics of zero length. 


Let 7 denote a parameter of any kind such that the co-ordinates 
x can be considered functions of it, and put 
ds? : ane 
be a & Bin Git Li Vy 


(dots denoting differentiation with respect to 7). Consider the 
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equations of motion of a material system as summed up in the 
variational equation 


DAE de a0. ee cia < Gly BB) 


We know from ordinary mechanics that if + denotes the time 
and 7 the wis viva of a material system, then the Lagrangian 
equations implicit in (33), i.e. 

Fas eres bs : 

Yi it Ni ai ti eR == 0,1, 2,5 ; 

dr Ox; Ou; c ‘teat’ ) i) 
define the spontaneous motion of the system and have as a first 
integral the equation 


a= b= -constant: 


Whenever the value of the constant F is different from zero, 
then by using the equation T = £ it is easy to eliminate the 
parameter 7 from (33) and obtain from it a variational equation 
capable of defining the trajectories. We have in fact, from the 
definition of T, 

/2T dr = ds, 


so that the expression for the action, i.e. the integral | 2Tdr 
which occurs in (33), can be written 


[J2B JIB dr = J3R[ VIE ar = 3B [as 
Hence, for H + 0, the variational equation (33), by elimination 
of the parameter 7, gives the equation 


iste Oe rote, (90) 


which is the characteristic equation of the geodesics in the V, 
whose line element is ds. From this equation we can deduce, as 
in Chap. V, § 24, the differential equations 


3 
fe ae, = 0 (88) 
0 
of the geodesics, where dots denote differentiation with respect 


to s. The same equations would also be obtained, but with 7 
instead of s, by writing out (34) in full and solving for the z’s. 
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To sum up, for # + 0, it is a matter of indifference whether we 
define the geodesics of V, as trajectories derived from the varia- 
tional equation (33), or by means of the typical property (35). 

We now propose to examine separately the case H = 0; 
since T = E and ds? = 2T dr’, this is equivalent to ds = 0 
along the whole of the line in question, which therefore in this 
case takes the name of geodesic of zero length. (Such lines are of 
course real only if ds? is an indefinite form.) In this case (35) 
is no longer suitable for defining geodesics; the method just 
referred to and used in Chap. V, § 24 to obtain the differential 
equations also breaks down, since it assumes s as the independent 
variable, and therefore excludes the possibility of ds being identi- 
cally = 0. The equations (34), however, keep their significance, 
and therefore offer a means of defining geodesics of zero length 
by a process of passing to the limit (in conditions of complete 
analytical regularity) from ordinary geodesics. We shall thus 
apply the term “‘ geodesics of zero length” to the lines represented 
by solutions of the Lagrangian system (34) for the value zero of 
the constant £. 

The differential equations (34) of ordinary geodesics give 
Lo, Lj, Lg, 3 directly as functions of a parameter 7 (or in particular 
of s). We can suppose the parameter eliminated after integration, 
giving, for example, 2,, 2, 7 as functions of xz. But it is also 
possible to eliminate the parameter beforehand, by obtaming 
from (35) three differential equations which define 2, 2, 7s 
as functions of 2. To do this, we introduce ap» as the independent 
variable in (35), so that it takes the form 


S| bday tat 0, ah Sn ee eee 


where, as in § 12, we have put 
3 3 
BP = Qo + 2B; 995%; + Din Gin Bi Bes 
1 1 


From (35’) we deduce, by the ordinary method, the three 
required Lagrangian equations, which are 

d, tLe ek ; 

are Se  (Y its Leo) s 

G4, 00, Ow: . ( ) 


These are completely equivalent to (35’), since, as was seen 
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in § 2, the fourth equation (to be obtained by making 2) vary 
and equating to zero the coefficient of 52) is a necessary conse- 
quence of these three. 

These equations, like (35) above, lose their significance in 
the case of geodesics of zero length (H = 0). An analogous 
reduction can be found in this case too, but it is preferable to 
follow another method and leave the pure Lagrangian form. 
This method is as follows. 

We start from (33) instead of (35), and note that from the 
definition of 7’ and L we have obviously 


ena gl 
dr? 

Suppose that x, is not constant along the geodesic (or arc of 
geodesic) of zero length under consideration.t In the integral 
(33) (corresponding to a generic geodesic of the kind in question) 
we can then assume 2, instead of 7 as the independent variable, 
so that 


da, 
2 S29 = 
6/L ae tt — ON 


The parameter 7 is a function, a priory unknown, of 2%, such 


that SS remains finite and not zero. We can therefore put 
7 


Pi tert S 
day  A(%) 


ae, A(X) ax, 
= e (0) 0, 


where A and 2 are also finite and not zero. Then the preceding 
variational formula becomes 


6/T2Adm = 0, 


from which we get for the geodesics the equations 


d @(L2A) _ 0(LA) 


= (oe 1 ee) 
dt dz, On; ) 


1From the limitations introduced in § 12, this condition can always be satisfied 
in the real field. In fact, if we put da = 0 in ds*, there remains a definite 
negative form, which cannot vanish along an actual line, i.e. when da, die, day, 
do not vanish simultaneously. 
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expanding and dividing by A, these can be written in the form 
@ ole OLE es oF 
diy Ox, Om, 


7° 
t Ou; 


The parameter A can be at once eliminated from these. 
Denoting for shortness the Lagrangian binomial on the left-hand 
side by 7,, we get finally the two equations 


Tie) ae ATS eer eS 
ol? O12 OL 
Ox, Ox, 0 i, 


which are to be taken together with the equation 
Te taa 0: 


15. Some elementary theorems of geometrical optics. 


It is known that in a transparent homogeneous medium light 
is propagated in a straight line with constant velocity if no dis- 
turbing influence is at work. In the case of an isotropic medium 
—the only one we shall consider—the velocity is always the same 
in all directions and therefore is a constant characteristic of the 
medium. In vacuo (cf. § 4) the velocity is, in round numbers, 


e.= 3 x 10! cm. /sec. 


or 300,000 kilometres per second. 

If instead we have a heterogeneous medium, in which the 
refractive index pw (which is defined as the reciprocal of the velocity 
of propagation) varies from point to point, then the rays are in 
general not rectilinear but are bent in accordance with a law 
which depends on the way in which p varies, i.e. on the function 
p(x, y, 2). This law can be put in a compact and useful form 
in the following way.t If the imitial pomt P, and the final point 
P, of the path of a ray of light are fixed, the time taken by the 
ray to go from P, to P, along a line s will obviously be expressed 
by the integral 


Py 
eS i p, ds, 
siace 4, a8 we have just said, is the reciprocal of the velocity. 


1Cf. for example Lrvi-Civira and AMALDI: op. cit, Chap. XI, No. 18. 
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Now the line actually followed by the light is the one which 
makes this integral a minimum, and therefore satisfies the 


condition 
Gia (); 


This variational equation, which sums up the whole of 
geometrical optics, is known as Fermat’s principle. 


16. Geometrical optics according to Einstein and the meaning 
of the constant c. 


In constructing a geometrical scheme to represent light rays 
the existence is assumed of an absolute frame of reference, exactly 
as is done in the Newtonian mechanics. In order to help the 
imagination, the system of reference is supposed to be provided 
by a hypothetical medium at rest—the so-called cosmic ether— 
which constitutes as it were a background or support for all 
optical phenomena. In space free from ponderable matter light 
is propagated in a straight lme with constant velocity c with 
respect to the ether, or, which is the same thing, with respect to 
fixed axes, where “ fixed’ axes mean axes at rest with respect 
to the ether. Hence ¢ is the velocity of light as it appears to a 
generic observer O, at rest with respect to the ether. 

Consider a solid C moving with velocity u (a pure translatory 
motion) and a pencil of parallel rays of light which are being 
propagated in the same sense as the motion of C. 

With respect to the observer O, the luminous phenomenon 
is diagrammatically represented, as we have just noted, as a 
particular uniform motion with velocity c. 

According to ordinary kinematics, the analogous velocity 
with respect to an observer O’ rigidly attached to Cis c — u. 

Now within the range of velocities which can be realized by 


2 
material bodies the ratio ae and still more its square ea (only 
; c c 


the latter of which can be submitted to effective experimental 
control) are small; we can, however, take it as definitely estab- 
lished that the velocity of propagation is still ¢ with respect 
to O’ also. This follows from the classical Michelson-Morley 
experiment, subsequently repeated by other physicists, and 
recently on new bases by Professor Majorana. 

In order to explain this experimental result, it is evidently 
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sufficient that the phenomenon which appears to macroscopic 
methods of measurement as the translation of a body C with 
velocity u should, with more refined methods of measurement, 
be a transformation (A). The study of these transformations has 
in fact shown that any ordinary uniform translation is almost 
indistinguishable from a (A), the difference being of the order 


of one ten-millionth, provided that ein (tan 
c 


The classical laws of geometrical optics (that the propagation 
of light is rectilinear, uniform, and with velocity c), and the 
famous experiments referred to above, will therefore still hold 
if we suppose that for the propagation of light, as for the motion 
of a material particle under no forces, the equation 


5 i digs — 30 
holds, with the condition 
ds 


(equations of uniform motion with velocity c); and if, on the 
other hand, we consider the phenomenon of the translation of 
solid bodies as very slightly different from the description of 
ordinary kinematics, so that it corresponds to a transformation 
(A). 

Hence these special kinds of motion which correspond to 
the propagation of light in the ether, in the absence of disturbing 
influences, are dependent on the form 


dg. dP Lat a ean 


in which the constant c has a specific numerical value. 

For ordinary motion, with velocities which are at most 
planetary, and under the action of conservative forces—e.g. in 
the presence of assigned masses—the same part is played by the. 
form 


ds? = (2—2U)d®— dig. . . (87’) 


in which on the one hand the constant ¢ is subject only to the 
qualitative restriction of being sufficiently large, and on the 
other the influence of the masses modifies to some extent the 
coefficient of di. If we aim at attaining unity of conception of 
physical phenomena, we shall obviously be constrained, ceteris 
paribus, to adopt a single differential form ds? as the determining 
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form both for the motion of material particles and for the behaviour 
of light rays, serving as a basis for both cases. We must therefore 
assign to the constant c, in the general dynamical case, the same 
specific value as belongs to it in the particular optical pheno- 
menon. In the absence of disturbing influences, in particular of 
masses at a perceptible distance, so that U = 0, the ds? of 
mechanics then becomes identical with the ds? of optics (the 
limiting case). 

Further, since in the case U = 0 (ie. in the absence of 
masses at a perceptible distance) the intervention of ds has led 
to geometrical optics being summarized in two laws which appear 
as limiting cases of dynamical laws, we are led to hope for the 
extension of the same criterion also to the case in which masses 
exist (U + 0). 

The propagation of light will therefore be governed in any 
case by the following postulates: 

(1) The geodesic principle (as for material motion), 


Been meneame eee Hees (5) 


(2) ds? = 0, which is equivalent to saying that the motions 
2 


in question have the square of the velocity ao 


. equal to 
ty 


4220 = e(1 — =): 
(od 


The velocity V is thus slightly less than c; neglecting terms 
which are in fact absolutely negligible, it is given by 


U 
V = o(1— 2). 


These two postulates can be summed up im a single illuminating 
geometrical assertion: . 

In the metric we have assigned to Vy, the world lines of light 
are geodesics of zero length. 

It is to be noted that this assertion has an invariant form, 
and is therefore suitable for defining the behaviour of light rays, 
even if these are referred to a system of any co-ordinates Zp, 
Z1, Lo, Lz Whatever, instead of to the particular system t, ¥,, Y, Y3- 


The assertion lends itself to an obvious generalization, since it 
(D 655) 23 
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is natural to extend its scope so that it shall continue to hold 
even when the ds? which characterizes the metric of the V4, 
though satisfying the qualitative restrictions of § 12, is not 
reducible to the particular form (37). 


17. Interpretation in geometrical optics of the condition 
ds? = 0. 


Given any direction in the four-dimensional space (é, 2, 
Ly, Ly), 1.e. any system of increments (dé, dx,, dx, dx3), we can 
obviously make a vector (velocity) v correspond to it in the 
physical space whose line element is given by 


3 3 
dP = —XLygydu; da, = By dy,da,dx,, . (39) 
1 1 


or more precisely in the Euclidean space tangential to the given 
space at the generic point from which the specified increments 
are drawn. 
We shall take the ratios 

dx; . 

a, (a taal b>) 

i ( ) 
for the contravariant system of this vector with respect to the 
metric (39). Writing these in the form 


dx, dl 
dl dt 


we see from the presence of the factor - which is the direction 


parameter, that the positive factor G measures the length of the 


vector. Referring back to the equation (39), we have for the square 
of this length 
dl? : hege 
= ao Mit Dip Vi Lye 

Another vector w, a function solely of position and time 
(of position alone in stationary conditions), can be made to corre- 
spond to the set of three coefficients g);,, which are covariant with 
respect to any transformations whatever of the space co-ordinates 
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alone, by taking these three quantities for the covariant system 
of the vector. Then, denoting as usual the coefficients of the form 
reciprocal to (39) by a and putting 


3 
Sm 2A tle 
Ww = Din” Joi Dorr 
1 


we get w for the length and (for w > 0) the ratios Joi for the 
w 


moments (the system reciprocal to the parameters) of the 
direction of this vector. It is to be noted that if the spacelike 
co-ordinates x have the dimensions of a length, the coefficients 
a, of dl?, and therefore their reciprocals a”, are pure numbers, 
while the coefficients g,, of the product terms in ¢ have the dimen- 
sions of a velocity. Hence the vector w, like v, can be interpreted 
as a velocity. It will be obvious that this conclusion still holds 
even if the dimensions of the co-ordinates 2, 2, x are left 
indeterminate. 
If ¢ denotes the angle between v and w, both for the moment 
supposed not zero, we have for the metric (39) . 
_ 3 Io 4; 
cosh = ms Beta 
and therefore identically 


3 
VW cos = x; Joi Lis . . e 5 (40) 
1 


which holds even if v or w vanishes. 
Using (39) and (40), the expression for ds? can now be written 
in the form 


ds? = dt? (V7 + 2ww cosd — v*), 


putting V? = gq. 

This makes it evident that the condition ds? = 0, charac- 
teristic of the propagation of light, defines its velocity v as a 
function of the position and direction of the ray, as well as of 
the time, in the general case in which the coefficients of ds, and 
with them V, w, and ¢, depend on ¢. 

Representing the ratios 7 and “ 
numbers) by f and p, we have for B the equation of the second 
degree 


(both positive and pure 


B?—2pcopB—1=0; .. . (41) 
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the product of the roots being — 1, it follows that one is positive 
and the other negative. By definition v is necessarily positive, 
so that it is uniquely determined by (41). 

When all the product terms in dt vanish (the statical case), 
w = 0; hence B = 1, and v coincides with V. In general 
p > 0, and the difference between v and V (for a specified posi- 
tion and time) depends on the direction of the ray, i.e. on the 
angle ¢ which it makes with w. We also have v = V for every 
ray perpendicular to w. It is obvious from (41) that the maximum 
and minimum values of B correspond to ¢ = 0 and ¢ = z. 
This is equivalent to saying that the maximum velocity of pro- 
pagation 


ViV1+ P+ p) 
is along w, and the minimum velocity 
Ve?) 


is in the same direction but in the opposite sense. 

Except in the statical case, it will be seen that the propagation 
of light in physical space is not only non-symmetrical for opposite 
senses but is completely irreversible. 


18. Fermat’s principle in stationary relativity metrics. 


We saw in § 14 how the difficulty involved in the variational 
principle 6 f ds = 0 for ds? = 0 can be evaded in finding the 
explicit form of the differential equations of the propagation of 
light. It is not without interest to note that for every stationary 
ds* the behaviour of the light rays can also be defined by 
associating Fermat’s principle of the minimum time with the 
equation ds? = 0, i.e. by assuming 


Side, <0. eet 


with the condition that dz) is to be connected with x, the space 
co-ordinates, and their differentials by ds? = 0. Naturally 
while in the four-dimensional geodesic principle expressed by (38) 
not only dz,, dx, dx, but also da» are to be zero at the ex- 
tremities of the interval of integration, in (42) this condition 
must not apply to dp, as it would reduce (42) to a mere identity. 
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We now propose to establish the equivalence, for every 
stationary metric, of the two principles of geometrical optics: 
(a) the four-dimensional geodesic principle, and (b) the principle 
of minimum time. 

To do this we must consider the geodesics of zero length as 


derived by the method of limits from timelike geodesics (ds? > 0). 
For the latter we put as usual 


, dz, . 
— Stet a i; ae 3 
i diy s ) 
di? 3 Oe 
BP = daz = 2a Ay, U;, Ly (43) 
0 
ds2 3 Dw? 
2 aa V2+ 2.259% — Liz Mey U; Vy 
0 


where the function Z has finite partial derivatives, since ds, 
and therefore Z, is not to vanish. 


The equation (38) can be written 


Bf Ledagpmeh gee a cage tae (A) 
Taking the variation with respect to the co-ordinates 2, 2, %3, 
we get by the classical procedure the Lagrangian equations 


PCL OL 


dz Ox, ~ On; 


eae ON a () 


while the variation with respect to x gives 


3 


dx 1 On. : 


which is a necessary consequence of the equations (45). 
On the hypothesis, characteristic of the stationary case, that 
L does not explicitly contain x, we get the integral 


3 
See ti! SF Tee ain fe (48) 
1 


Ou; 


where the constant F represents the total energy of the moving 
point. 


e 
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Multiplying by Z, the left-hand side may be written in the 


form = s 
y+ 4(1— 3,52 ai), 
1 Od, 


O 


It follows from the third of the equations (43) that L? is a 
polynomial of the second degree in a, %, 23; it is there already 
divided up into three homogeneous sets of terms of degree 0, 1, 2 


respectively. By Euler’s theorem on homogeneous functions, 

ay ie 

the linear term disappears from the difference LZ? — &; ae Li» 
i 


which reduces to V2 +- 62. Hence (46) multiplied by L gives — 
42? 4+ 4(V2+ pf) = EL. 


The left-hand side is essentially positive when LZ tends 
to zero, being in fact, for ZL = 0, > 4V* (which is to be 
taken as having a lower limit which is not zero in the field 
considered). The product HZ can therefore be considered as a 
function of the x’s and x"’s which is always regular, and not zero, 
when L tends to zero; in the latter hypothesis the constant # 
obviously tends to infinity. 

Further, for all motions with the same total energy #, the 
principle (44), in which we suppose that Sz, vanishes at the 
extremities of the interval of integration, can be replaced by an 
analogous one which has the advantage over the first of not 
requiring this condition to be satisfied. In fact, for dx) zero at 


the extremities, we have 6 | dx, = 0, and in consequence (44) 
is equivalent to 


8[(L— E)da, = 0 


5 (1 = 3) dix, == 0} 


and in this last equation we can drop the condition that 52», 
vanishes at the extremities, since if we transfer the 5 under the 
integral sign and apply it to dz, (both explicit, and implicit in 
the x’’s) we get 
. 1 ON Bos 
—— | ddx,(L— E—X,; —57; ), 
E | of 1 ) Ly :) 


u 


or, for E + 0, to 


which vanishes in virtue of (46). 
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It is therefore established that, for an assigned non-zero 
value of #, the equations of motion can be expressed by means 


of the formula. 
L 


without the necessity of imposing any condition as to 52. 


: 2 
The function under the integral sign can be written 1 — ae 


from which it appears, remembering what was said above about 
the behaviour of HL, that this function is regular and tends to 
unity if Z tends to zero. Now this is precisely the hypothesis 
which corresponds to the transition from material motion to the 
limiting case of the propagation of light. Since the function is 
regular, the order of the operations 5 | and passage to the limit 


may be interchanged, so that (47) gives Fermat’s principle 
3) i di, 1). 


Fermat’s principle can be put in a purely geometrical form, 
referred to’the spacelike metric with line element dl, if we give 
dz, the value found from ds? = 0 in terms of 2, 2%, Xq, X3, d2,, 
dz, dz, and insert this in the formula just above. The result 
is particularly easy to interpret in the statical case (9; = 0, 
~ = 1, 2, 3), in which we have evidently dx) = y and Fermat’s 
principle takes the form 


dl 
| 0. 


This shows that the light rays coincide with the geodesics 


of the three-dimensional space with line element a alternatively, 


referring to the physical space di? and again applying the theorem 
of least action (cf. § 11), we can say that they coincide with a 


; . ] 
pencil of trajectories corresponding to the potential 57? and 
total energy 0. * 


344 ABSOLUTE DIFFERENTIAL CALCULUS 


19. The stress tensor and its divergence in the classical 
theory: 


Let there be given a continuous medium, and in it a surface 
element (facet) do; one side of this facet is supposed chosen as 
the positive side, and one sense of the normal direction is associated. 
with it. We shall agree that this sense is the one which corre- 
-sponds to the passage from the negative to the positive side, and 
shall denote its versor by n. The resultant of the molecular 
actions which the particles on the negative side of the element 
exert on those on the positive side is ordinarily called the stress + 
relative to the positive side of the element considered.? In normal 
cases—the only ones we propose to consider—this resultant is 
of the same order of magnitude as do, and is represented by ®,,do, 
where ®, is the specific stress on the positive side of the surface 
element normal to n. 

Referred to orthogonal Cartesian axes Oy, y2y3, the three com- 
ponents of the vector ®,, will obviously be denoted by ®,,; ( = 1, 
2, 3). To characterize the distribution of the stresses at a single 
point P, we introduce the three stresses ®,, ®,, ®, which act on 
the facets at P parallel to the co-ordinate planes, or, more pre- 
cisely, the facets whose normal versors are in the positive directions 
of the co-ordinate axes. Their components are denoted in order by 


D1, Dy, D3; 
Dy, Dyy, Dy3 5 
D3,, Dz9, D333 


it follows from the postulates of ordinary mechanics that the 
matrix formed by these terms is symmetrical or that 


Ds. = D5, O13 = D3), O, = ®,», 
so that there are really six of these quantities O,, (7, k = 1, 2, 3). 


1Cf., for example, A. EK. H. Love, Mathematical Theory of Elasticity, third 
edition, Chap. II; Cambridge University Press, 1920. 

2 Some authors, Love in particular, invert the respective rdles of the two sides 
of the facet in their definitions, and therefore, by the principle of reaction, change 
the sense of the vector described as the stress. The sign of its components will 
be changed accordingly, and the inequality will be inverted which determines 
whether a given stress is of the nature of a pressure or a pull with respect to the 
element considered. 
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Putting n* for the components of the versor n (its direction 
cosines) we get the fundamental formula 


3 
®, = Dy ®, n*, . . . . . (48) 
a 


and hence for the three components in the direction of the 
co-ordinate axes 


3 
®, ae anda n*. 


If & is a generic direction of direction cosines €', the scalar 
product ®, x &, i.e. the component of the stress ®, along &, 
can naturally be written in the form 


3 
@®, xX & = Uy, n°" &". 
1 


From the symmetry of the ®,,’s, it follows that in the sum 
just written down ®,, can be replaced by ®,,; the sum is there- 
fore, by (48), equivalent to the scalar product ®, x n. Hence we 
have the relation of reciprocity, expressed by the equation 


®, x & = ®, Xx nm. 


For & = n we have in particular what is called the normal 
stress, i.e. the component along the normal to the facet of the 
stress with respect to the facet itself. In accordance with the 
conventions we have adopted, the stress will be of the nature of 
a push or a pull according as this normal component is positive 
or negative. From the remarks above, the necessary criterion 
is provided by the sign (for § = n) of the expression 

8 


Liz Di, oe EF, 
1 
To make the notation uniform, we shall write &’ instead of n. 
Consider the bilinear form 


® =F ike O ;, f Ee ie eC a (49) 


Mo 


which represents either the component along § of the specific 
stress on the facet normal to §’, or the component along &’ of 
the specific stress on the facet normal to §. 
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If now we replace the y’s by any curvilinear co-ordinates x 
mie ver (the geometrical nature of the space characterized by 


z dy;’ being of course regarded as invariant), then the parameters 


zt é" of the directions &, &’ constitute, as we know, two contra- 
variant systems, reducing to the direction cosines in Cartesian 
co-ordinates, while the scalar quantity ® just defined will behave 
“as an invariant on account of its intrinsic meaning. It follows 
(cf. Chapter IV, § 4) that the coefficients of the bilinear form ® 
(referred to these parameters as arguments) will constitute a 
symmetrical covariant double system which is called the stress 
tensor. Extending the notation adopted in the case of Cartesian 
co-ordinates we shall denote it by ®,. This tensor will of course 
have the contravariant components ®” = ©” and the mixed 
components ®f, which can be obtained in the ordinary way by 
composition with the coefficients of the fundamental form. 

The stress tensor depends in general on the position of the 
point considered; the components O,, referred to generic co- 
ordinates x, can therefore in any case be thought of as functions 
of the co-ordinates, and therefore as having derivatives— 
ordinary, covariant, and contravariant. As we saw in Chapter 
VI, § 7, from a given double tensor X,, we can always obtain 
a vector Y intrinsically related to it, which we called its 
divergence, and whose covariant components are defined for 
n = 3 by 5 
Y= a GN Kg anhh ue intr, Meee OO) 


Now the divergence of the stress tensor has an important 
mechanical interpretation, which can be found at once by using 
Cartesian co-ordinates. We know in fact that the molecular forces 
applied to a given particle by all the surrounding particles have 
for their resultant a vector yx, whose components per unit 
volume, in orthogonal Cartesian co-ordinates, are given by 


8 a0, 
Ni ae ie > A 


yi telly 51 
5G (51) 


Noting that in this system of reference the divergence of ®;, 
is expressed by precisely the sum on the right of (51), and remem- 
bering that the covariant components of a vector are identical 
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in this case with the ordinary components, we see at once that 
the vector x is the divergence of the stress tensor with its sign 
changed. Applying the formula (50) we can therefore write 


3 
te — Big a Dace seprena}.s Leya DLS) 


20. The fundamental equations of the mechanics of continuous 
systems, referred to fixed axes; transformations of them in general 
co-ordinates (space co-ordinates). 


It is known that, when no hypothesis is made as to the nature 
of the medium, and when therefore the stresses are not particu- 
larized, the fundamental equations of the mechanics of a con- 
tinuous system reduce to the dynamical equation 


aa ph at See ee ee a) 


(where p is the density, f the acceleration, F the force per unit 
mass, and x the vector defined in the preceding section), together 
with the equation of continuity 


e 4 divipvy) = 0 . . . - (68) 
(v being the velocity), which can also be written 


oP + pdiv(v) Slice came emcee (Ed 


where the symbol i denotes a “‘ proper” derivative, i.e. one 


which considers p as depending on ¢ in such a way that as ¢ varies 
p refers always to one and the same particle of matter. 

If now we wish to find the explicit form of these two equations 
with reference to any co-ordinates x whatever, connected with 
the y’s by formule which do not involve the time, all we need 
do is to obtain the expressions for the covariant (or contravariant) 
components of the vector f, since those of x are already known 
from the preceding section (cf. formula (51’)) and the invariant 
expression of div(pv) is known from § 7 of Chapter VI; the force 
F will naturally be supposed given by means of its covariant (or 
contravariant) components. 
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The acceleration f is defined by 


dv 
diseir 
where the (proper) derivative is supposed to be calculated with 
respect to an observer (system of axes or, more generally, co- 
ordinate net) fixed in the mechanical sense of the word. 

Referred to co-ordinates y this relation is equivalent to the 
three scalar relations 


fi — A = — dy ay, (2 — iF 2, 3). . (54) 


If now, with reference to any co-ordinates « whatever con- 
nected with the y’s by relations which do not involve the time, 
we consider the simple system 


Ov, 3 Ie , 
a tale S . : : (54’) 


it is easy to see that this is covariant. In fact, on the one hand 
the quantities a (¢ being a parameter not involved in the trans- 


formations) are covariant like the v;s, and on the other the 
3 

quantities X,,v,,,0" are covariant from the law of contraction 
i 


of tensors. Noting once more that in orthogonal Cartesian 
co-ordinates the covariant derivatives reduce to the ordinary 
derivatives, and also the covariant and contravariant components 
of a vector to the ordinary components, we see that in these co- 
ordinates the expressions (54’) are identical with those on the 
right of (54), i.e. with the (covariant) components f; of £. This 
identity will still hold with reference to the w’s, and we can 
write 


GU. tee : 
a OE oF Ey, Dee 
We can now find the explicit form of the equations (52) and 


(53) with reference to the co-ordinates 2. The first will give the 
covariant equations 


Ov; 2 k : kl 
p Feed = DU ee O51; » (55) 
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and the second the invariant equation 
0 ; ; 
ay t Ulery = 0, . . . « (66) 
t i 
3 
or sags (ow), = 0. . . » . (56’ 
ot 1 


21. Galilean systems of reference. 


Among the purely spacelike transformations a_ particularly 
simple group consists of those which give the change from a 
system of fixed (in the mechanical sense of the word) Cartesian 
axes to a system of Cartesian axes in uniform translatory motion 
with respect to the first set; the latter system is called Galilean. 
The definitions of force, specific stress on a generic surface element, 
and divergence (whether of a vector or a tensor) are not changed 
in a transformation of this kind, but the velocity v of a generic 
point is altered by the addition of a constant quantity represented 
by the velocity of translation t; this addition, however, evidently 
does not alter the acceleration (i.e. the proper derivative of v). 
It follows that such a transformation leaves unchanged the 
dynamical equation (52), and also the equation of continuity; 
the latter is evident from the form (53’), which, in addition to 
div(v) (which, as just pointed out, is invariant), contains. the 
proper derivative of p, which from its intrinsic meaning is obviously 
independent of the axes of reference. 

Furthermore, all the laws of the classical mechanics are known 
to be unaltered if the axes of reference are supposed to be in 
uniform translatory motion. 


22. Equivalent form for the system (52) and (53). 


In the general equations of motion of a continuous system 
the force per unit mass F occurs explicitly. From the formal 
point of view we can always, and in an infinite number of ways, 
consider F as the divergence of a suitable tensor; its components 
can then be supposed amalgamated with the ®,,’s, so that we 
can at once put F = 0 in the equation (52). 

From the point of view of application this is not always con- 
venient, and in many cases the direct method is preferable; but 
from the speculative point of view this process of submerging 
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the force per unit mass in the stress is not only legitimate, but 
in accordance with the physical standpoint which refuses to 
admit action at a distance, asserting that every disturbance is 
transmitted by mediate action. In virtue of these considerations 
. we shall put F = 0 in the vector equation (52). 

We now propose to transform, without altering their content, 
the three scalar equations included in (52) and the equation of 
~ continuity (53), in such a way as to replace these four equations 
by a set of four substantially identical equations.t 

Referring to orthogonal Cartesian axes y, we project the 
equation (52) (in which we have now put F = 0) on the axis 
y;, using (55), we get 


3 3 
(= en 2 Sige nx) = 2h CP ie Paeersen YE) 
Yr 1 OY, 


while the equation of continuity (53) or (53’) takes the well- 
known form 


Bs ye (oS Cees, 
1 Yr 


Adding (58) multiplied by v; to (57) we get 


A(p%) » 5 Aprm) _ _ yr ODn 
EAE SES —= ie 
OF a vf Pat) k Oy, 


which can be written 


3 
0 (pv;) + aay wis (pV, — ®;,) = 0. A . (57’) 
ot 1 OY; 


It will now be seen that the quantity on the left of (57’) and 
(58) is in all four cases the sum of partial derivatives with respect 
to the independent variables ¢, y,, Ya, ¥3- It follows from § 5 that, 
since p denotes the material density, « = c®p can be interpreted 
as the energy density; further, it may be seen in a moment that 
the vector pv (the momentum density) represents the flux of 
matter (per unit of surface and of time), and therefore the flux 
of energy will be c?pv = ev. 


1Cf. particularly G. D. Marriont, Rend. Acc. Lincei, Series V, Vol. XXIII 
(second half-year, 1914), pp. 328-334, 427-482. 
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Now to give greater uniformity to the equations (58) and (57’), 
and to use in them the quantities whose physical interpretation 
has just been noted, we must replace ¢ and the v,’s by their 


a : . v. 
Roémerian expressions yy = ct, B; = —, and put 
c 


fe Ss St oe pie lls Sen TA, 2a (D9) 

Le < = — eB; = — cv; . . . . (60) 

Ly, = Ty = On + BP = On + prt . (61) 
Rey, 


The result is that the four equations (58) and (57’) are all 
included in the single equation 


ar, 02 625 
a ete ee ee (62 
OY ri OY, (°2) 


by giving 7 in turn the values, 0, 1, 2, 3. 

From the equations (59), (60), (61), we can see the interpre- 
tation of the various 7’s. T, represents the energy density; 
Ty; (¢ = 1, 2, 3) the components with their sign changed of the 
relative Romerian flux; the T,,’s (i, k = 1, 2, 3) in statical 
conditions (v; = 0), reduce to the ordinary stress components, 
from which they differ in general by the additive terms «8;f, 
= pv; (which, however, in ordinary circumstances are unim- 
portant compared with the other terms). To distinguish when 
necessary the 7,,,’s from the ordinary stress ®,, we shall call 
them the kinetic stress. 


23. Einsteinian modification of the equations of motion of a 
continuous system in a particular case. 


The original equations (52) and (53), and therefore the equiva- 
lent set (62), are invariant when the axes of reference undergo 
an ordinary uniform translation. In the earlier stages of the 
argument we set out to give the dynamics of a material particle 
a form which should be invariant for a generic transformation 
(7), and we were induced to use Hamilton’s principle in order 
to modify the equations of motion slightly. It followed from this 
operation that when there are no external forces the equations so 
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modified keep their algebraic form unaltered, not only for ordinary 
translations but also for the Lorentz transformations which we 
studied in detail in § 8. 

Now the dynamics of a continuous system must clearly 
include as a limiting case (corresponding to a medium of density 
everywhere zero except in one very small region) the mechanics 
of a single material particle. This at once shows that it is abso- 
- lutely necessary that the postulates introduced for the mechanics 
of a continuous system should be brought into harmony with 
the modifications accepted above in the mechanics of the material 
particle. The form of the equations (62), when there are no 
external forces, must therefore remain unchanged for any Lorentz 
transformation. If in accordance with (59), (60), and (61) we 
take for the T',,’s the expressions | 


Toe =« Ty = —B, Te = BP, ~ (638) 


this condition is not rigorously satisfied, though, as we have just 
pointed out, there is invariance for ordinary translations; but 
it is easy to show that the required invariance for Lorentz trans- 
formations can be obtained by a modification, which, as usual, is 
very slight in the conditions ordinarily realized. 

To do this, we take the four-dimensional form 


ds) = dy, — dll? 


used above in discussing the dynamics of a particle, where as 
3 

usual dl? = %,dy,*. 
1 


Denoting by dy; (¢ = 0, 1, 2, 3) the increments of the co- 
ordinates of the generic material element of the system under 
consideration, and by dl) and ds, the corresponding elements 
of the (spacelike) trajectory and the world line, we have by 
definition 


dy; 
Boo acne ome eee Oe 
on (64) 
dl? 
h Bee Oy ow aera ; 
whence B dy, (64") 


and dsg? = dy (1182 ante tans a OA) 
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The parameters of the world line are 


ds 


(where we have suppressed the sign of absolute value, since in 
dealing with the motion of a material particle we must have 
6? <1, or ds, > 0); they can be expressed in terms of the B,’s, 
using (64), (64’), and (64’’), in the form 


Pe at gs ll 
dso J/1— BP 

A a (isea 1203); 
dso 1— P 


From these, taking account of the general formula 
3 
A; = Le Je A" 
0 
Oike 


and of the values of gf, = g”” corresponding to ds)? (cf. § 6, 
formula (12)), we get the moments 


1 
ro aay Res a 
cada 
/1 — PP 
If we take the values of the monomials 
€A; Ay 


as given by these formule, and compare them with the expressions 

(63) for the 7',’s, we see at once that the difference between 

each of them and the corresponding 7’, is of the second order. 

We shall now show that if in the equations (62) we replace 
the values (63) of the 7’,,’s by the very slightly different values 
Ty = A;rz il" OF 1 92,3), *. > (65) 


U 


the equations will behave in the required manner for Lorentz 
transformations; and we shall be able to deduce the criterion 
(D 655) 24 
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to be applied for transforming the equations in the more general 
case. 

Note first that, if ds? is taken as the fundamental form, the 
terms on the right of (65), and therefore the 7',,’s, constitute a 
covariant double system. Further, taking into account once 
more the particular values g}, of the coefficients of ds? expressed 
_in terms of the co-ordinates y, it will be clear that the covariant 
derivatives of the 7’,,’s are identical with the ordinary derivatives, 
and that the terms on the left-hand side of (62) can be written in 
the form 


3 OT. 3 3 
Zag == a Px = xy Pie 
0 Yi 0 0 


and are therefore identical with the covariant components of 
the divergence of the tensor 7’, (cf. Chapter VI, § 7). These 
equations therefore collectively express the fact that the diver- 
gence of this tensor vanishes—a property which is invariant for 
any transformations whatever of both the space and the time 
co-ordinates. Remembering finally that a Lorentz transformation 
leaves unchanged the form of ds?, we can now assert that the 
equations (62), with the values of T,, given by (65), will still 
hold after the application of any Lorentz transformation. 
Q. ted). 


24. General case. Introduction of the energy tensor, and 
meaning of its components in general co-ordinates. 


When there are no stresses, the result we have arrived at is 
that we assign to the 7',,’s corresponding to the motion of a 
generic continuous system the tensor value given by 


Ty, a eX; vs 


where ¢ is the energy density and the A,’s are the moments of 
the world line of the material element. Further, given any 
distribution of stresses, referred to Cartesian co-ordinates, then 
in order to transform the equations of motion into any spacelike 
co-ordinates (leaving the time unchanged) we have traced out 
an argument based on the invariance of the bilinear form 


3 
® = &,,®,, €' € (which showed us the three-dimensional tensor 
1 
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character of the ®,’s when we pass to generic co-ordinates), 
on the vector character of the velocity, and on the invariance of 
the density. 

We now propose to consider more generally transformations 
(7) of space and time (i.e. of the set yp, ¥,, Yo, Y3 into a new set 
Zp, Ty, Lg, 3), keeping the results already obtained in the two 
particular cases just referred to (cf. § 23 and § 20). A sufficient 
condition is that the 7,’s (defined physically with reference to 
a particular system of co-ordinates) shall have the character of 
a tensor for any transformations whatever. The tensor so intro- 
duced is called the energy tensor. 

This is equivalent to asserting the invariance of a bilinear 
form in four variables 


3 
B= Saelac ec” 
0 


having for its coefficients the quantities 7',, and for its arguments 
the parameters 


of two arbitrary four-dimensional versors €, &’. It will be seen 
at once that this postulate covers the two particular cases already 
discussed. In fact, when there are no stresses the tensor character 
of the 7;,,’s follows from the expressions (65) adopted for them, 
while for transformations (7) which leave the timelike co- 
ordinate unchanged, the invariance of B involves that of the form 
@, as will be seen from the following argument. 

When we pass from a system & to a system 7, it follows from 
the invariance of B that (with obvious meanings for the notation 
used) 


3 IP 

’ at ag 
Ln Ty.da, dx, = Ly Ty, dza,d'%,. 
0 0 


In the case of a (7's), we shall have da = di, d’ty) = d’ip, 
and therefore 


3 3 8 
Ty dkyd'tyt-dxy Xp, Ty,’ t,+-d' bq Ly, Ty dX+- Dy T y,dx,d' x, 
ut 1 it 


= o -. nd goes 
= Pypdxgd’Xq + dX Uj, Ty, d' H+ UX XU, Py, dt, + Vy Ty.dz,d'G,; 
1 1 1 
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and as this must hold whatever the differentials dz, d’x) may 
be, it follows that 


ve 00. — Dg 


3 Ea 
Xi, Loy IX, = Uy Loy Ay, 
ul 
3 a 
Ly Dy da, da, = Ly Ty dz, dG, 
1 


As the differentials dz; d’x; are arbitrary, these relations 
express the fact that 7’) is an invariant (the energy density), 
that the 7,’s are the components of a vector (the flux of the 
energy with its sense changed), and the T;,’s those of a 
covariant double tensor (the kinetic stress). 


-Q. ED. 


We now propose to examine, with reference to pseudo- 
Cartesian co-ordinates y, the physical significance of the 
form B when the directions §, &’ are chosen im a particular 
way. 

Suppose first that both the directions are purely timelike, 
ie. that 


and therefore dst == dy.*, “ds == Gaye 
Then the only parameters which are not zero are €° and £”, 
which are equal to 1, and there remains 
Deel ies 


ie. in this case B represents the energy density. 


Now suppose that &, &’ are purely spacelike, ie. that 
dy, = d'y) = 0, and consequently 


ds? = —dl,2, ds’® = — dh’. 
‘Then there remains 


3 ? 
B = Sig Py Ui Te 
dl, al 


i.e. B reduces to the linear invariant of the kinetic stress. 
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Lastly, suppose that § is purely spacelike and &’ purely time: 
like; ie. that dy) = 0, d’y; = 0 (¢ = 1, 2, 3), and therefore 


Sh eae LAT 
Then B=> 7, Mi 


and is therefore identical with the flux of the energy in the 
direction § with its sign changed. 

We can now determine the physical significance of the 7';,’s 
with reference to any system of co-ordinates whatever. This 
follows easily from the invariance of the form B if we allow 
that the physical significance of this form in the particular cases 
noted above remains the same in any other system of reference. 
The different cases are in detail: 

(a) The energy density at a generic instant and point %, 
2, Ly, Zz will be what B becomes for &, &’ purely timelike, i.e. for 


Mi , : 
eee es, ee te ae (c > 0); 
V. Joo 
i.e. it will be Poo, 
Joo 
(6) The flux of the energy along a specified (spacelike) direction 


a of parameters a’ = a will be what -- B becomes when 


we put in it 


oy ike Oar 
gi = i Sr ae ew] 
| ds | ; (? =a, 2,.3), 
é" aie 0, £/0 Se re Bee | 
G09 us 
i.e. it will be 
f Weapes F 
yy: Zid gt 


If in particular the direction @ coincides with one of the co- 
ordinate directions, say 2, we have 


a! Jak 1 
= = =9 
r/— Ghn 
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and the other a’’s are zero; hence the flux of the energy in that 
direction is given by 


fi 


V /— din 


(c) The component in a direction « of the kinetic stress 
relative to a facet normal to a direction «’ will be what B becomes. 
-when we put 


; dx; dx rs 
Semtiee ies ame 
re ad’, ad's 1; 1 
a Y = = He = 0; 
een (CA ia Salinas = 


1.e. it will be 
3 
Isles 
>a T Oa a. 
1 


If in particular the direction « coincides with that of one of 


the co-ordinate lines, say z,, and @’ with that of another, say 7,, 
we shall have 
1 ’ 1 

a, == 


/— Epes ; /— ra 


a, 


and all the other a’s will be zero. Hence the component in the 
direction x, of the kinetic stress relative to a facet normal to 2, 
will be 


ie 


TS 


SJ Gn Ios 


Before concluding this section we wish to make one last 
remark. We have seen that when there are no stresses (the case 


of discrete particles of matter) the energy tensor takes the par- 
ticularly simple form 


Dx ae A; ri (65) 
Another important particular case is when the energy tensor 
has the form 


La = Apdy— Bits (66) 
where p is any invariant function of the position and the time. 
In order to see the physical significance of this expression, con- 
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sider a specified point of V,, and take a system of co-ordinates 
which are, at least locally, pseudo-Cartesian, which we know 
is always possible. Then the g,,’s take the values 8,°, while if 
we make the direction 2 coincide with that of the world line, the 
A,’s all become zero, except Ag, which is 1. 

In these conditions we shall have 


Ty) = €— PD, 
Ty = 0 (i =f), 
T;; = p (2 > 0). 


The last two formule tell us that on every facet there is 
exerted a stress normal to it and independent of its direction: 
the scalar quantity p measures the value of this stress per unit of 
surface. The medium under consideration therefore behaves like 
a perfect fluid (a fluid incapable of transmitting a shearing stress), 
and p represents its pressure. It is hardly necessary to point out 
that if p is negative it represents a uniform pull in all directions 
—which, within certain limits, is known to be a possible condition 
even in a real liquid. 


25. Relativistic form of the equations of motion of a con- 
tinuous system. 


In the particular case of no forces, we saw in § 23 how the 
general equations of motion of a continuous system can be put 
in the form 


3 
meerurte (res GeenOn Tee S\ive pa (G0) 
0 


where the 7',,’s are regarded as elements of a tensor, and that 
this equation holds in general co-ordinates x whatever may be 
the transformations (involving both space and time) imposed 
on the original co-ordinates y. The proof of this consists in the 
invariant character of the equations (67) (which express the 
vanishing of the divergence of the tensor 7';,), together with 
the fact that in the original co-ordinates y the equations (67) 
reduce to the form (62), and that the quantities T, become 
identical (neglecting terms of the second order, if not rigorously) 
with the expressions (63) which are their values in the classical 
mechanics. All this holds without change even if we drop the 
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particular hypothesis suggested by the law of transformation of 
the 7's when the transformations (7',) are applied; that the 
forces are zero. It is only necessary to retain the tensorial character 
of the 7',,’s in every case, as we have already agreed; which, in 
the particular case where stresses ®, are present, means that 
their experimental values are determined, say, with reference 
to the co-ordinates which formed the starting-poimt of the 
investigation. 

The equations (67) thus hold so long as the metric considered 
is pseudo-Euclidean, and for any co-ordinates of reference what- 
ever. But the invariant expression for the laws of motion, which 
is seen to hold under this hypothesis, can be at once extended to 
the general case of any metric whatever, in virtue of the observa- 
tion made earlier in this book (cf. Chapter VI, § 11) that in a 
first-order region every metric behaves as if it had constant co- 
efficients, and is therefore Euclidean in the proper sense in the 
case of a definite ds*, and pseudo-Euclidean in the cases which 
concern relativity mechanics (cf. §§ 6 and 12), In fact, the equa- 
tions (67) contain only contravariant derivatives of the 7’;,’s, or, 
in other words, combinations of their ordinary first derivatives 
with the g,,’s and their first derivatives; the argument thus does 
not go beyond the consideration of a first-order region round the 
generic point which is being studied. 


26. A particular class of motions of a continuous system. 


In the classical mechanics the equation (52) of the motion 
of a continuous medium, when there are no forces and no mole- 
cular action (a discrete system), evidently reduces to 


in; 


with which is to be associated the equation of continuity. It 
follows that the vector equation is satisfied at once by the uniform 
rectilinear motion of single particles, the density being then 
determined by the equation of continuity. This is conceptually 
evident; in order to translate it into a formula, we assign to any 
material particle, initially at Po, a velocity v(P)) which is a 
function (a priori arbitrary) of the position Py: the geometrical 
equation of motion is then evidently 


P(t) = Py+ WP), . . . «© (68) 


\ 
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which shows that the solution depends in substance on three 
arbitrary functions of three arguments each. 

If we wish to find an explicit expression for the law of variation 
of the density it is perhaps preferable to go back to the molecular 
equation of continuity instead of to the equation (53) which is 
its local form. It is a well-known result that if we introduce the 
functional determinant D of the actual co-ordinates y(t) with 
respect to the initial co-ordinates y, we get 


pD = po» 


where py is the initial value of p, and is a priori arbitrary just 
as is the initial distribution of the velocity. Projecting the 
equation (68) on the axes, and denoting the components of v by 
V(Yi> Yes Ys), We get 

ma yi otf v; t, 
whence 
Ou; 


aye 


(py = [art 3 


Tt follows from this that D is a polynomial of the third degree 
in ¢, which reduces to unity fort = 0. Naturally (supposing that 
the v,’s and their first derivatives are finite and continuous) the 
motion remains regular so long as D does not vanish; the smallest 
positive root (if such exists) of the equation of the third degree 
D = 0 determines the amplitude of the interval of regularity, 
&e. 

A particular case worth noting is when the density remains 
constant for each particle (incompressible systems). In this 


case - = 0, and the equation of continuity, in the original 


Eulerian form (53’), gives 
Give) 7a Ui are a. (00| 


This implies in particular that the divergence vanishes at the 
initial instant, and therefore gives as a necessary condition for 
the constancy of the density that the field of the initial velocities 
must be solenoidal, i.e. that div v(P,) = 0. This condition is 
not however sufficient. In fact, if the density is to remain constant 
it is necessary and sufficient that D = 1 at any instant ¢; the 
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expansion of D as a polynomial of the third degree in ¢ shows 
that this imposes three conditions, corresponding to the vanishing 
of the coefficients of ¢, ¢?, 8, and (69) expresses only the first of 
these conditions. Further, if these conditions are satisfied initially, 


p remains constant for every particle (i.e. a = 0), which ensures 


that the equation (69) is satisfied at every instant, or in other 
- words that the field of the velocities is always solenoidal.t 

We have dealt at some length with this class of elementary 
solutions, because the results can easily be generalized for any 
V, whatever. If A,(xo, x1, %, #3) denote the moments of a generic 
congruence of lines in the V,, we know (cf. Chapter X, §§ 5, 6) 
that the necessary and sufficient condition for the congruence 
to be geodesic is that the curvature vector, or, what is equivalent, 
its covariant components, shall vanish, i.e. that 


3 
x, Aj. 0’ — (0) (a == 0, i, 2, 3). : . (70) 
0 


We now propose to show that ina V, with any metric whatever 
we get solutions of the equations (67) by taking for world lines 
the lines of any geodesic congruence whatever, or, in other words, 
by supposing that the A’s satisfy the equations (70) and by 
assigning a suitable value to the density p, and through it to the 
quantity « which appears in the expression (65) for the energy 
tensor of a discrete system (i.e. a system with no molecular action). 

Take the general equations (67), which we shall write in the 
form 


Sug Lx = 0 (iie=30, 3-283) 
and in them give Ty, the value €A; A,,.. We shall have 
Pret = AAG A+ Arr + eA; Agr 
and therefore by substitution 
AEugh €, Ay + By AKA, + €A; Ey A = 0, “= 041,283): 


1Cf. Cisorrr: “Moti di un liquido che lasciano inalterata la distribuzione 
locale delle pressioni”, in Rend. della R. Acc. dei Lincei, Series V, Vol. XIX (first 
half-year, 1910), pp. 373-876. The observation is there limited to the case of 
permanent motion. 
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The second term vanishes in virtue of (70), and therefore the 
four equations reduce to the single condition 


3 3 
Di gf" €& Ay > € p24 FF => 0. . . . (71) 
0 0 


If we choose € so that this condition is satisfied, the equa- 
tions of motion will all be satisfied also. 
Q. E. D. 


The equation (71) defining « can be put in a somewhat more 
expressive form by using the results (cf. Chapter X, § 2) that 


where s denotes the arc of the world line, and noting that 
3 k ‘ 
=, A" = diva. 
0 
Hence (71) can be written 


e+ ediva = 0 ARE sh 


which is precisely the form of the equation of continuity. 
If in particular we consider a solenoidal geodesic congruence 
(divA = 0), the last equation becomes 


whence « = constant along any world line; i.e. the density of 
a particle remains constant throughout the motion. 


27. Experimental determination of the coefficients of an 
Einsteinian ds?. 


We shall close this chapter by some remarks of a general 
character on the experimental determination of the coefficients 


Gir 
We suppose ourselves fixed in determinate physical conditions, 
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so that, as already noted in § 10 and § 12, we must also regard 
as determinate the Hinsteinian 


3 ; 
ds? — Li, Gite du, dx, . . . . (72) 


0 


of the field which we wish to explore by means of suitable experi- 
ments. It is of course understood that we admit the validity of 
the fundamental postulates of general relativity, and more 
precisely: 

(a) (cf. § 16) the propagation of light always takes place in 
such a way that 

Gs? t= Orr, ete a ee ee ee 
along every world line; 

(6) (cf. § 12) the world lines of the motion of a material particle 
in a field of force for which ds? can be expressed by (72) are 
timelike geodesics for this ds?. 

We propose to show that (a) suffices to determine the ratios 
of the coefficients g,,, or, which comes to the same thing, gives 
ds? except for a factor which can in turn be found from (6). Of 
the four parameters, 7, will as usual denote the time, in the sense 
of the conventional time, measured at any single point by a clock 
which may be of any kind and even incorrect. However the 
timelike parameter 2, is chosen, the mere fact that it is timelike 
implies, according to the Einsteinian theory, that ds? will always 
be greater than 0 if zp alone varies, 7, v, #3 remaining constant. 
But, when da, = dv, = da, 0, ds? reduces to go%%2, SO 
that the coefficient gy) necessarily > 0, and we can therefore put 


Gon SS COR ec 


where ¢ is a positive constant (introduced for the sake of homo- 
geneity) and y, like gg, is an unknown function of x, 2, L, V3 
(a pure number, 1.e. of zero dimensions). 

We shall now choose any instant a we please, and three 
values %, %, 3 of the space co-ordinates, i.e. a point P; we 
propose in the first place to determine the ratios of the g’s at P 
and at the instant 2p. 

For this we shall use light signals between P and very near 
points in the surrounding physical space, which is by hypothesis 
(at any given moment) in one-to-one correspondence with the 


DETERMINATION OF COEFFICIENTS 365 


sets of three co-ordinates 2,, @, Z3. In consequence, surfaces and 
lines in this physical space represented by equations between 
L, Ly, Lz at the moment 2 are perfectly determinate: in particular 
the lines a (given by the equations x, = constant, 73; = con- 
stant) on which only 2, varies, the lines x, &c. 

We shall choose two points Q and Q’ very near P, on the same 
line z, as P. Suppose that Q and Q’ correspond to increments 
(to be treated as infinitesimals) dz, and — dz, of the co-ordinate 
2%; dx, dxz are zero in both cases since the displacement is along 
a line a. 

Suppose that two light rays start from P at the instant 2, 
one towards Q, the other towards Q’. Let 2) -+ day be the 
instant when the first ray arrives at Q; 2+ dx, the instant 
(not in general the same as the first) when the second ray arrives 
at Q’. Using the expression (72) for ds? and the condition ds? = 0 
for the propagation of light, we shall have in passing from P to Q 


Joo Iq? + 29o dX da, + Gyde,27 = 0, . (75) 
and in passing from P to Q’ 
Joo UL" — 29 UX At, + Gy, day? = 0.. (76) 


These two equations, in which dz,, dx, d’x) are known (the 
first chosen as we please, the other two found by experiment), 


obviously give the ratios Jot, Ju Tt is to be noted that if the 
Joo Joo 
elementary times of propagation dp, d’x) (found by observation) 


are equal, then (75) and (76) give by subtraction gy = 0. 
Reciprocally, if 99, = 0, the two intervals of time must be equal. 
Hence the elementary propagation of light in the direction of a 
line z, is a reversible phenomenon if and only if gy, = 0. 

In the same way, considering the other two co-ordinate lines 
Ly. and #3, we can determine the four ratios 


Jor Jez. Fos | Iss 
Joo Yoo Joo Joo 


To obtain the other three ratios 


Joo Yoo Joo 
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we must make further experiments of the same type, but with 
the point Q in a direction other than those of the co-ordinate 
lines. 

Thus to determine 223, we can use a line on the surface through 


00 
P, x, = constant, which is neither x, nor #3; e.g. 


L3 — L, = constant. 


We then have, in passing from P to a very near point Q on this 
line, the increments 
Oda sOds, 
with dz, arbitrary. 
If we make a light ray start from P at the instant x) towards 
this point Q, and if dz) denotes the small time of propagation, 
we get from (72) divided by 99 


day? + 2 Sox diy dX, + 2 Ios qe, dix, 
Joo Joo 


0 


+ 92 qy2 4 933 dz2+ 292 dx2—= 0, . (77) 
Joo Joo 00 


whence we get the ratio 923 all the other quantities in this equation 


Joo 
being known or already determined. In a similar way we can 


find 25 and 222, 
Joo Joo 
It is not inapposite to add that from other experiments of the 


same type we can get any number (in fact an infinite number) 
of further equations between the ratios of the g’s. The con- 
sistency of these results, in so far as this is borne out by the 
further experiments, affords a very significant control of the 
validity of the Einsteinian hypothesis so far as concerns the 
postulate (a). 

The ratios 


Gn = 2 =i, B= 0,1,2,38) © . (78) 


being thus determined, if we put 


ds? 5955 US 2 nre dS Ae ae 
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(using (74)), it follows that the individual coefficients of the 
-differential form ds? 


Joo 
are all known, and therefore the form itself is completely deter- 
mined. 
From (72) and (78), separating out the terms which contain 
the suffix 0, we get ds’? in the form 


ds’* = 


3 3 
ds’* = dx? + 2; Ioi diy dx; + Diz Git da,da,. . (80) 
1 1 


At this point we find that we have to determine the function 
v by gravitational experiments, and more precisely by experiments 
on the motion of material particles in the field in which the 
expression (79) holds for ds?. 

The equations of motion are included in the variational 
equation 


SCC aig Seat eaeremerteal 1) 


Now suppose that the time z, is taken as the independent 
variable along the trajectory. Let «; (c = 1, 2, 3) denote the 


derivatives am, ; and using (80), put 
dxy 


ds’ YY oe, ; 3 EO 
oe P4290: bi + Bin Ga i - . (82) 


= L (a | %, 2», %3 | 44, He, &s). 


Then, remembering (79), the variational equation (81) can be 
written in the form 


Sf l\dm = 0. 5 5 (Br) 
This is equivalent to the three Lagrangian equations 


d aL) aL) _ 


dt Oz; Che 


(ee Cas a) 


Noting that v does not depend on the «’s, and putting for the 
sake of brevity 
Olsens am do; OL _ 
Ou; O Rae On 


v 


sree etl (55): 
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it follows that 


cigs 5 pbs Romesh . . . (84) 
diy Ox; 


It is further to be noted that direct observation of the motion 
enables us to determine how the co-ordinates x; vary as functions 
of the time zp, so that we must consider the functions 2;(79), 
~ and therefore also the derivatives %; and #%,, known for every 
material particle left to itself in or projected into the field of force 
we are considering. It follows that the quantities a,, B; defined 
by (83) are also known. Since 


it follows that ultimately the equations (84) are three linear 
equations in the four partial derivatives of the unknown function 
v. If we fix a generic point P and an instant 2, any arbitrary 
choice of the velocity of the body under experiment (i.e. of the 
three numerical values to be assigned to %,, %, %) will give three 
equations in the four derivatives 


Ov Ov Ov Ov 
referred to the given position and time. The equations are there- 
fore more than sufficient to determine the numerical values of 
these derivatives, in the sense that by making a larger number 
of experiments we can not only determine the four unknowns, but 
also test the accuracy of the results as many times over as we 
wish. 

The derivatives of v, at every point in a certain field and at 
every instant in a certain interval, being known, v itself is 
determined except for an additive constant; hence, from (74), 
Joo 18 known except for a constant multiplier, which we may 
suppose absorbed into the factor of homogeneity c?, so that c? 
remains arbitrary. The presence of this constant in the expression 
for Joo, and hence, by (79), in ds?, seems to be in the nature of 
things, corresponding in substance to the choice, which remains 
arbitrary, of the unit chosen to measure ds’, the space-time 
interval. 
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CHAPTER XII 


THE GRAVITATIONAL EQuATIONS AND GENERAL RELATIVITY 


1. Qualitative properties of the coefficients of ds?. 


It follows from the results in the preceding chapter (§ 12) 
that when the variables of reference Y, 41, Y2, Y3 are such that 
they can be interpreted, without sensible error, the first as 
absolute time, and the others as Cartesian co-ordinates, then 
the coefficients g;, of the Einsteinian ds? of space-time, in con- 
ditions corresponding to the motion of the celestial bodies (in 
particular, of the bodies forming the planetary system), differ 
by very little from 5;", the difference being of at least the second 
order, in the sense explained above. More precisely we can say 
that: 90 
(a) The coefficient go) differs from 1 — x by terms of order 


higher than the second (cf. § 10 of the preceding chapter), where 
U represents the ordinary Newtonian potential of the field 
considered. 

(b) The coefficients go; (t > 0) are of order higher than the 
second. If in fact they were only of the second order, it follows 
from § 17 of the preceding chapter that the difference between 
the velocities of propagation of light in the various directions 
round a point would also have to be of the second order; 
this, however, is physically imadmissible, as a difference of 
this magnitude could be detected by means of optical experi- 
ments. 

(c) The other coefficients g,, (i, k > 0) differ from 8;" by 
terms of the second or higher order. 

Now let us consider the absolute motion of a generic material 
particle P, e.g. a small planet. Let u(P, P’) be the Newtonian 
potential of the attraction exerted on it by any particle P’ of 
the other attracting bodies, which we shall suppose to be of fairly 
large mass compared with P, as is in fact the case in the typical 
examples offered by astronomy. The disturbing effects of P on 
the motion of P’ being supposed negligible, the dependence of 
u on the space co-ordinates 4, Y2, ¥3 involves the co-ordinates 
of P, while its dependence on the Rémerian time y) involves 

(p 656) 25 
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the co-ordinates of the attracting body P’. If 8P is a generic 
displacement (of components dy,) of the pot P, and 


is the corresponding increment of u, we have 
OY = FOP, 


where F is the force exerted on P by P’. Further, if we consider 
a small interval of time dy, and denote by dP’ the displacement 
of P’ during that interval, and by du the increment of u, we get 
similarly, applying the principle of reaction, 


du = — Fx dP’. 


After this it is easy to determine the order of magnitude of 
the timelike derivative of u in relation to the spacelike derivatives. 
In fact, from the first formula, putting 6P = néd/ (where n is 
the versor of a generic direction) we get the well-known result 
that the derivative of w in this direction has the value F x n, 
and is therefore of the same order of magnitude as the intensity 
F of the force; while from the second formula, on dividing by 
dyo, it follows that 

du F he ee FX 1 .dP 


dy dijsem 


c dt’ 
which shows that the order of magnitude of this derivative is 
that of BF (with the usua] meaning of f). Hence, in the supposed 
conditions, the timelike derivative of wu is of the first order in 
relation to the spacelike derivatives. The same result holds 
without change for go, which, as we have just said, is 1 — a 
G 

(neglecting terms of order higher than the second), U being a 
sum of terms of the type just considered. 

Taking the case of goo as typical, we shall assume, in ordinary 
astronomical conditions, that: 

(d) The derivatives of the coefficients g;, with respect to Y 
are of higher order by at least one unit than the analogous deri- 
vatives with respect to the other y’s. 
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We can sum up all this in the statement that if we are content 
with approximate results (meaning that we stop short at terms 
of the second order), everything happens as if the coefficients 
Ji Were zero, and the other gj,’s independent of yp. This is 
equivalent to the statement that, to the given order of approxi- 
mation and in ordinary astronomical conditions, every ds? behaves 
as of a were statical (cf. § 12 of the preceding chapter). 


2. The tensor G,, and its divergence. The gravitational tensor. 


We have already noted (cf. Chapter VII, § 11) that for any 
V,, whatever we can construct from the Riemannian tensor the 
symmetrical double tensor 


Gx = Lin a (y, hk), ° ° . . (1) 
1 
and its linear invariant 


G —= Lx a‘® Giz. « . ° ° ‘ (2) 
1 


This definition naturally holds also for an indefinite metric: 
in particular therefore for the ds? of relativity (n = 4), in which 
case the tensor under discussion is called the Hinstein tensor; 
its components are 


u 


3 yy oe v2 
G, = Zin UBS ALG Moe abet ios Ly 
and its linear invariant therefore takes the form 
3 -: 3 , , ee , 
G = ing" Gy = > ink og) (oy, pales (2) 
0 


We may note incidentally that for a V, the tensor Gy, is 
related to the fundamental tensor g,, and to the Gaussian cur- 
vature by the formula ? 


Ga = — Kgs, (ens ioe a. (9) 


1 Tn fact, form = 2, it follows from the definitions of A (Chap. VII, formula 
(28)) and of the e-systems (Chap. VI, § 8) that (vj, hk) = Ke,,e,,, a8 can 
ab once be verified, remembering that the symbol (7, hk) either reduces to 
(12, 12) = Ka, or vanishes. Further, with the same definition of e, we have 

Z 
also the identities Zin, 9" €,;€,, = — gj Replacing (%, hk) in the formula of 
1 


type (1’) by Kei; €nx, and using this identity, we get (3). 
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while for a V, the quantities G',, reduce to Ricci’s symbols (cf. 
Chapter VII, § 11) 


a 


the relation being 
Gx CS M tins . . . . (4) 


where <M denotes the mean curvature of the V3, or in symbols 
3 

MM —— D2 a Qine ° ° ° ° ° (5) 
5 


For n = 4, from the general formula ; 


n?(n? — 1) 
12 


N = 


of Chapter VII, § 4, it follows that in general the Riemann- 
Christoffel tensor has 20 algebraically independent components, 
while the elements G,, of the Eimstein tensor provide only 10 
linear combinations. This simple arithmetical remark shows that 
the Einstein tensor cannot exhaust all the curvature properties 
of the V,, but, as we shall see, it does suffice to give those of 
essential physical importance. 

Before beginning the examination of this question, we shall 
find the expression for the divergence of the tensor G,,. From 
(1), we have by covariant differentiation 


2 ; oe 
Ginya = ang (yj, hk)), 
so that the components of the divergence (cf. Chapter VI, § 7) 


3 3 
Y; = yy Git = Lag” Geir enn ast) 
0 0 
become 


3 
Y; = Ding” gf" (4, hk),. 
0 


In virtue of the relations 


(9, hk) = (hk, 19), 
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Bianchi’s identities (formula (17’) of Chapter VII) enable us to 
substitute 
— (jl, hk); — (la, hk); 


for (27, hk),, so that we have 
3 . re 3 * o 
Y,;=-—- : mag (gl, hk); — ; imag (hi, hk);. 


The first term is merely G',, as follows from covariant differen- 
tiation of (2’), which by interchanging the indices can be written 
in the form 


3 
G= — Zim 9” 9 (yl, hk). 


Interchanging 7 and J, and also h and &, in the second term, 
it becomes 


“ 7 ae 
a > nia go" 9" (jt, kh), 
and in view of the identity 
(92, kh) = (uy, hk) 
it obviously reduces to — Y;. We therefore have 
Y, SS 4G; . . ° . . . (7) 


which in virtue of (6) can also be written 
3 
Xi, Git tires Vek soe 4 (7) 
0 


Since the divergence of the tensor Gg,, (proportional to the 
fundamental tensor g;,,) 1s 


a 3 3 
2 (GGang" = 2 Gi, ZIT = G, 


it will be seen that (7), or the equivalent equation (7’), expresses 
the property that the divergence of the tensor 


Gir = 3 Gg ile 


as zero. This tensor is called the gravitational tensor; the name will 
be justified farther on. 
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3. Solidarity of physical phenomena. Criteria for the con- 
struction of the gravitational equations, and reduction of the 
inductive proof of their validity to the statical case. 


In the immediate vicinity of a poimt and instant fixed in 
advance, a mechanical phenomenon is completely determined 
(at least. conceptually) if we know, at the specified point and 
‘instant, the density and velocity of the matter (or, which comes 
to the same thing, of the energy), and the distribution of the 
specific stress, which includes as a differential consequence. the 
determination of the external force; the latter, however, as 
already noted in § 22 of the preceding chapter, can be supposed 
absorbed into the stresses, the concept of action at a distance 
being as before excluded. In substance, therefore, the local 
behaviour of a mechanical phenomenon is completely determined 
by the knowledge (which is both necessary and sufficient) of the 
energy tensor 7’,,. 

This remark has a more general scope, since it holds also 
for phenomena other than mechanical (e.g. electromagnetic 
phenomena). 

Einstein’s fundamental view is that the aggregate of physical 
phenomena influences the metric of V,; more precisely, that at 
every point P of the V, there must be a local relation between 
the value of the energy tensor, which may be taken as charac- 
teristic of the physical conditions, and the behaviour of the 
curvatures of the V, at the poimt. As an abstract hypothesis, 
the possibility of some such influence, limited however to the 
spatial metric, had already been suggested mdependently by 
Riemann and by Clifford. Einstein completed it, applying it 
not only to the spatial metric, but to the metric of the space- 
time which includes both space and time and also, as we saw 
in Chapter XI, §§ 4, 10, when studying the motion of a material 
particle, the force in the field, which is represented through the 
coefficient Joo. 

We have pointed out just above that from the mathematical 
point of view the external force can be considered as produced 
by a suitable distribution of stresses. From the point of view 
of the classical mechanics this principle could also be applied to 
the particular case of forces of gravitational origin; Einstein, 
however, assigns a privileged position to these forces, and 
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supposes that all actions of gravitational origin (and only these) 
are so intimately fused with the geometrical and temporal 
properties that they are directly determined by the four-dimen- 
sional ds*. Such a possibility is amply justified by the considera- 
tions set forth in §§ 4 to 12 of the preceding chapter. All the 
other non-gravitational forces (in particular, actions of electro- 
magnetic origin), on the contrary, can be absorbed into the 
energy tensor. In order to put this view in a mathematical form,” 
Einstein had to establish a relation between the ds? (i.e. its ten 
coefficients) and the energy tensor (i.e. the ten functions T’;,); 
he had therefore to determine ten equations. One of these was 
a necessary consequence, at least approximately, of the New- 
tonian theory. In the classical mechanics space is considered 
rigorously Euclidean, and by Newton’s law the density p of the 
attractmg matter determines the field of force by means of the 
Newtonian potential 


Heal fea, 


where f is the gravitation constant, and the meaning of the other 
symbols is as usual. From this expression for U Poisson’s equa- 
tion 


A,U = — 4afp 


follows in the ordinary way for every point of the field. Since 
the density p differs from the element 7) of the energy tensor 
only by a constant multiplier (cf. Chapter XI, §§ 22, 24, and 
25), while to a first approximation (cf. Chapter XI, § 4) we have 


2U 


Jo = batcap 


it follows that Poisson’s equation establishes a relation between 
the energy tensor and a sum of second derivatives of go. 

The differential equations expressing the relation between 
the coefficients g,, of ds? and the quantities 7’, must therefore 
include this relation, at least to a first approximation. A reason- 
able induction suggests that in order to construct the ten required 
equations we must equate the ten components 7’,, of the energy 
tensor to ten differential expressions of the second order in the 
coefficients g,,, which, the system being invariant, must them- 
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selves constitute a tensor. Now a double tensor of the second 
order is given by those combinations of the Riemann-Christoffel 
tensor which we considered in the preceding section. Accord- 
ingly, the procedure which would first occur to one would be to 
assume that the G,,’s were equal or proportional to the 7;,,’s; 
and this was in fact what at his first attempt Hinstem did. But 
immediately afterwards he reflected that the fundamental equa- 
‘tions must not impose on the metric properties of space-time any 
a priori limitation, in this sense that any value whatever of ds? 
must be capable of being regarded as theoretically possible pro- 
vided there is a suitable energy tensor. This property would be 
inconsistent with the condition that the G,’s and T's are to 
be proportional, since the latter tensor, from its physical origin, 
satisfies four differential conditions expressing the vanishing of 
its divergence (cf. Chapter XI, §§ 23 and 25), so that the Gj,’s 
would have to be connected by corresponding equations. The 
idea of a linear relation between the two tensors can however be 
retained without imposing any differential relation on the g;,’s, 
since the divergence of the tensor 


Gin — $F Gx 


is identically zero, as we saw in the preceding section. If in fact 
we put 
G2 $692. = = KT wee ae oe) 


where « denotes a constant (to be subsequently connected with 
the constant f in Poisson’s equation), there will be no resulting 
differential relations between the g,,’s. These are the celebrated 
gravitational equations. The foregoing considerations serve 
merely to give them plausibility from the purely formal point 
of view; their physical justification follows a posterior? from 
arguments of two kinds, which we shall now explain. 

For the moment we consider only a first approximation; i.e. 
we suppose that ds? differs from the pseudo-Huclidean value by 
a small amount. As we saw in Chapter XI, § 10, we may on this 
hypothesis assume 


9 = by 
Ii = — Yi (2. =a), 


7. 3; — Vir 
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where the y’s are small quantities of the second order. We also 
saw that (still with the same hypothesis) the equations of motion 
of a material particle, to a first approximation, depend neither 
on the y,’s nor on the y,,’s, but only on the coefficient goo, or, 
which is the same thing, on the function y, and that they in fact 
reduce to the classical Newtonian equations 


oU 
—— (t#=1 
v; Ox; (2 > 2, 3), 
: U 
since ite Mee eae fet (9) 


In view of this, the problem of justifying the gravitational 
equations to a first approximation reduces to that of proving: 

(a) that one of these equations (the one corresponding to 
4 = k = 0) involves only y o e. U) and is identical with 
Poisson’s equation; 

(6) that the other nine are consistent with values of the 
functions y of the assumed order of magnitude: their precise 
values in this first approximation are a matter of complete 
indifference, smce whatever they may be we in any case arrive 
back at the Newtonian formule. 

We can therefore limit the scope of (a) and (5) to the statical 
case, for the reasons indicated at the end of § 1. 

The passage to a further approximation in the equations of 
motion of a material particle involves (cf. Chapter XI, § 10) 
either the values to a first approximation of y; and y,, or the 
third-order correction % in the expression for gg. It is this 
difference from the results of the Newtonian laws which, being 
within the range of astronomical observation, provides a means 
of testing whether Einstein’s hypothesis is or is not superior to 
its classical predecessor. 

At this poit we are, so to speak, in conditions analogous 
to those in which Newton found himself when he substituted 
for Kepler’s kinematical laws the dynamical principle of universal 
attraction, which was capable not only of including Kepler’s laws 
as a first approximation, but also of predicting, and that on a 
magnificent scale, new facts which have since found marvellous 
confirmation. When the relativity theory is substituted for the 
Newtonian, the phenomena predicted by it are much more 
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minute, but even with present experimental resources, some at 
least of them are within the reach of experiment. This experi- 
mental control provides the second line of argument alluded 
to above in support of the gravitational equations. 


4, General equations of Einsteinian statics. Empty space. 


When we are dealing with statical phenomena (cf. Chapter 
XI, § 12), the ds? of space-time has the form 


dst = Vda ta i On eee LO) 
3 

with dl? = diy Qin dx; Gi: . . ° e (10’) 
1 


The coefficients a,, like V, are to be functions of 2, %, Xs, 
only; V is interpreted (cf. Chapter XI, § 17) as the velocity of 
light, and is therefore considered essentially positive. 

With obvious meanings for the symbols, we have 


x= — Fy IJx=0, Jo= V2, g=—aV?, 


; é 1 : se (Gull 
ee Gu a=) = Te Gites Dited)o| oe 


We shall use a dash (’) to denote Christoffel’s symbols and 
the components of the Riemann-Christoffel and Einstein tensors 
relative to the quaternary form (10), and shall keep the ordinary 
notation without a dash for the analogous symbols and com- 
ponents relative to (10’). 

From the definitions and (11) we get 


{aks t\" <= Lak; Th, 


{ik, 0}’ = (0); = {00, 0}’ = 10) 
; ; V; ese ce 
050: ieee 
(i0, oy = 
{00, a}! = Vales 
where 2, k, 1, can take any of the values 1, 2, 3, V; = ne and 
x. 


; d ;4 . . . “ 
V' = Xa" V, is the reciprocal system with respect to the 


1 
purely spatial dl. 
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We shall next express Riemann’s symbols of the second kind 

for the quaternary ds? in terms of the analogous symbols for 

dl? and of V. We have by definition, from formula (3) of Chapter 
VIl, 


ss el Oana ot ee ean 
138, Ae}? = ae r} presi r} 
— E,[{Ih, ry’ {ik, Dy’ — (Uh, r}' (oh, TY. 
0 


We shall examine separately the various cases which may 
occur, according to the number of the indices 7, 7, h, k which are 
zero. 

(1) No index zero. The first group of (12) gives immediately 


US een Ved ann Boy 13) 


(2) A single imdex zero. Riemann’s symbols being anti- 
symmetrical with respect to the last two indices, we need only 
examine the three cases in which the zero index is 2, 7, or h. In 
each case, from the second group of the formule (12) it follows 
immediately that Riemann’s symbols of this type are all zero, or 


{Or, hk}’ = {#0, hk}’ = {ir, Ok}’ = 0. . (14) 


(3) Two indices zero. From the general properties of the 
Riemann-Christoffel tensor the symbols of the type {ir, 00}’ 
vanish identically (for any ds), and those of the type 


3 
{00, bk }’ = % 9" (0j, AR) 


vanish whenever g’? = 0 (for 7 >0), as in our case. There 
remain therefore to be considered the two types {0r, 0k}’ and 
{70, Ok}’. 

From (12) and the fundamental formula of covariant differen- 
tiation with respect to the purely spatial dl? we find 


{Or, Ok}’ = V(V"),, 


SP RT Oe 
{é0, on} = 4e ia 


(4) Three or four indices zero. It will be seen immediately 
from (12) that these symbols are all zero. 
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We are now in a position to evaluate explicitly the sym- 


metrical double tensor G',, the elements of which, as we know 
(§ 2), are 


3 3 
G’, = X,,{th, hk}’ = 2, {th, hk\' + {20, Ok)’. 
0 i 
Introducing the analogous system 
3 
Ge: == dn {ih, hk} 
1 


relative to the ternary form dl?, we find at once, using the 
expressions obtained for the symbols {7r, hk}’, 


2 Ne 

G; = Gye + 7 

Go. = 0, Cn tin ell) 
3 


Gon = — VERVE = —VA,V. 


1 


From these formule and (11) we get for the linear invariant 
of the system Gi, 
3 3 
G = Lag Ga = 9 Gon — Dz a™ Gi, 

0 1 

3 
SS — uy A, V hae Da, at® G.. ° ° ° . ° (16) 

V 1 


We have already seen (Chapter VII, § 11) that for a three- 
dimensional manifold we can with advantage replace the tensor 
G, by Ricci’s tensor a,,,, the linear invariant 


3 
=s tk 
MM = Li, @ Qj. 
1 


of which (cf. Chapter VII, § 12) represents the mean curvature 
(the sum of the three principal curvatures). 
The G,,’s and a,,’s are connected by the linear relations 


Gy, = ay, — M Vins 


from this, multiplying by a’ and summing with respect to 2, &, 
there follows in particular 


G = M—3M = —2M. 
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Applying these results, (15) and (16) become 


Gx = a,+ va Mai; 


: (15') 
eae GRRE REE pl no 8) 
1@ = M a, (16’) 


which provide convenient expressions for the components of the 
Einstein tensor and its lmear invariant in statical conditions. 
We can now return to the gravitational equations (8) of the 
preceding section. We note in the first: place that since in statical 
conditions there is no energy flux, the components 7, vanish. 
Hence from (11) and (15’) three of these equations reduce to 
pure identities, and there remain seven; six of these, corre- 
sponding to non-zero values of the indices, have the form 


Vor AAV 


ate = eT, b= 12,8) (17) 


az + 


in virtue of (15’), (16’), and (11), while the seventh, fori = k = 0, 
is 


— VALV — 36°9 = — xT, 
or, from (15’) and (16’), 
A ae she Sr on) Uitte ts saa (18) 


These seven equations! (17) and (18), as is naturally to be 
expected, reduce the Hinsteinian statics to the three dimensions 
of the associated space. Their form is invariant with respect to 
the metric of this space, which has the di? in question as its 
fundamental quadratic form. They also involve, in association 
with the fundamental form, the two invariant functions V and 
To, and the covariant double system 7’, (i, k = 1, 2, 3). The 


: errs mee f ld 
latter characterizes the distribution of the stresses, while ye 


1 Gf. Levi-Crvira: Rend. della R. Acc. dei Lincet, Vol. XXVI (first half-year, 
1917), p. 458. 
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is to be interpreted as the energy density (cf. Chapter XI, § 24), 
V representing the velocity of light, as was said at the outset. 

With regard to the energy density it is to be observed that 
no example of a negative density exists,1 at least within the 
range of the better-known phenomena to-day, whether material, 
or electromagnetic in the broad sense. Hence we may assume 
that the right-hand side of (18) >0, and we get the following 
geometrical corollary: The mean curvature M, determined in 
physical space as the effect of purely statical phenomena, is in every 
case either positive or zero. 

An important consequerice of the equations (17) is obtained 
on multiplying them by a” and summing with respect to the 
two indices. Using the definition of AZ and (18) we get 


Ah = ye( T+ 5B), - oo Pag 


3 
where ae = Dix ae T 3, . e ° e ° (20) 
1 


and obviously represents the linear invariant of the system of 
stresses with respect to our di? (of the associated space). It may 
be remarked incidentally that this invariant must not be con- 
fused with the scalar invariant of the four-dimensional tensor, 
namely, 


3 
T = Xy Cag Lx; 
0 


the value of which, from (11), is on the contrary 


Poo 
V2 


ieee T. 


Consider in particular a region of space in which all the 
components of the energy tensor vanish (empty space). From 
the physical point of view, this condition can be considered 
satisfied when the region in question contains neither ordinary 


‘In fact, if at a given point there is matter at rest distributed with density 
p, this implies an energy cp of material origin, which in normal conditions 
enormously outweighs all other possible contributions to the total. Moreover, 
the electromagnetic contribution to the energy density also > 0. Hence even 
when there is no matter it does not seem possible for the energy density to have 
a negative value, 
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matter nor electromagnetic energy, ‘since in this case it follows 
from the mechanics of material media that the stresses of material 
origin vanish, and, from Maxwell’s theory, that the Maxwellian 
field of force vanishes, and therefore also the Maxwellian stress.1 

With this hypothesis the equations (17), in view of (19), 
plainly reduce to the form 


Dipti wit hs Gackt ae(2T) 
cat 1 = 0 (j, b = 17 2,3), . (22) 


the first of which shows that not the timelike coefficient 9), = V? 
itself, but its square root, is a harmonic function. Also, (18) 
gives at once 


a i oe Rae er Bese a 


If the energy tensor were zero throughout all space, it is 
intuitive from the physical standpoint that the Einsteinian ds? 
would be rigorously pseudo-Huclidean, and therefore the associated 
space rigorously Euclidean. This in fact represents the starting- 
point of Einstein’s speculative construction, which assigns any 
deviation from a pseudo-Euclidean metric to those physical 
actions which are included in the energy tensor. Serini ? too has 
given a rigorous proof of the hypothesis, based on equations 
(21) and (22). 


5. First approximation. Connexion with Poisson’s equation.® 


If. we suppose that the expression (10) for ds® differs by very 
little from the Euclidean type referred to Cartesian space co- 
ordinates and Rémerian time 


3 
ds* = dy.’ — X, dy? 
1 


we can put (cf. § 3, and Chapter XI, § 10) 
Vie SE EN (88) 
Oy = OF +a, Godt al 8). ate (24) 
1 See e.g. JEANS: The Mathematical Theory of Electricity and Magnetism, fifth 
edition, 1925, Chap. VI, Cambridge University Press. . 


2 Rend. della R. Acc. dei Lincei, Vol. XX VII (first half-year, 1918), p. 285. 
3 Luvr-Crvira, loco cit., and zb¢dem (second half-year, 1917), pp. 307-317, 
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We thus have 
3 3 
dP? = Yyzay,dy;,dy, = Ug? + Vn yindy;Uyn,  (24’) 
1 1 


where dl,? is the line element of ordinary Euclidean space referred 
to Cartesian co-ordinates. 
The quantities y,, are pure numbers, like y, and the qualitative 
_ property we have assigned to ds” is equivalent, to a first approxi- 
mation, to treating all these seven quantities as infinitesimals. 
It follows that Christoffel’s symbols 


Perea OG: OG. 0a; 
[th, 9] = 1( Yih a) 
: OYp, OY; OY; 


are also infinitesimal. Since to the same order of approximation 
the quantities a,, keep their Euclidean values 6;, it will be seen 
that the symbols of the second kind 


3 
{ih, 1} = Sa" th, j) 


do not differ appreciably from the homologous symbols [7h, 7] 
of the first kind. It follows that from the definition of Riemann’s 
symbols (Chapter VII, formula (3)) we have, neglecting terms 
of higher order, 


; Oras On 
w, hic} = —=1th, 7} — — loki r 
{in ik} = 2 {itn} — 2 (i 0} 
Cane Os: 
=). — 1h, ft) — — [ake 

yi ] yt ] 


OY, 0Y,  OY;0Y, OY,0y, OY, Oyp) 


Hence it follows, from the definition of the G,,’s (cf. § 4) and 
from (24), that 


2 2 P 
= 2 0? dix 07 ain 07 ain 07 an 
ae 


Gy = &,{ih, hh} 
il 


ae 15, eae Ovi “a 0? Yin inh te 
1 Oy? OYy,0y, OY, OY, OY; OYp 


We now return to the statical equations (17) and (18). We 
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have already made them contain Ricci’s symbols a, instead of 
the G,,’s, the relation between the two being 


ay, = Gy + May. 


It is to be noted that AZ is now to be considered infinitesimal, 
like the G,,’s and their linear invariant, so that, from (18), J'o9 
is also infinitesimal. Replacing MW by its value (18), the explicit 
expressions which represent the a,,’s to a first approximation 
take the form 


3 (024, 02 O2y. 02. 

Bes | Vik Pile MO Rie mm | Tsk 

eet 308 2.29, oy, yey 
(AES) 


(25) 


Using this result, and noting further that, neglecting infini- 
tesimals of higher order, the covariant derivatives of V = 1— y 
do not differ from the ordinary derivatives, so that in particular 


Rae Ab — 35%, 

we find that (17) and (19) can be written as 
an— (vet ABydi = —KTy, « . (26) 
Ay = —4ue(T+Tw) «~ . + (27) 


where the symbols (y);, denote covariant derivatives of y; 
and in particular, in empty space, since the terms on the right 
vanish, they become 
Oe = (ym ~—--- » - (26) 


=r), Tee 


which to a first approximation, as is naturally to be expected, 
are identical with (22) and (21). 

At this point we must consider the mechanical significance 
of the function y, or, better, of the product c?y. In § 4 of Chapter 
XI, when dealing with Hinstein’s modification of Hamilton’s 
principle, we saw that, when ds? is very close to the pseudo- 
Euclidean form, the difference between go) and unity is — 24 

m 

' (D655) 26 
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to a first approximation, U being the potential of the field of 
force in which the motion takes place. In the present case this 
difference is — 2y, so that we have 


(9) 


This conclusion could of course also have been deduced from 
- the general proposition in § 12 of the preceding chapter, that 
— 4 V? (together with a non-essential additive constant) con- 
stitutes the potential function of the force exerted in the field 
in statical conditions. In our case V? = 1 — 2y, and therefore 


2, 
3202 = —$2(1—2y) = —F 4+ ety, 


which proves the required result. 
Now let us for the moment again take the standpoint of the 
classical mechanics, and consider the field of force due to a generic 


distribution of matter of density pi = where « is the corre- 
c 


sponding energy density. If U is the Newtonian potential of 
this field, we know that Poisson’s equation 


holds, f being the coefficient of universal attraction. If on the 
other hand we take the standpoint of general relativity, the 


same distribution of matter gives a ds? for which y = - and 
c 


an energy tensor whose component Zp) coincides with ¢, while 
the components 7; vanish in statical conditions, so that the 
remaining components T',, represent stresses (cf. Chapter XI, 
§ 24). If we are dealing with discrete matter, the components 
Ti, and therefore also their invariant Z, are zero, and (27) 
becomes 

A,U = — ite. 


In order that this may be identical with Poisson’s equation, 
it is necessary and sufficient that the constant x of the gravi- 
tational equations and the universal constants f = 6-7 x 10-8 
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and ec = 3 X 10" (in C.G.S. units) of the classical mechanics 
should be connected by the relation 


ea 


which gives in round numbers (C.G.S. units) 
Kee 108. 


For the remainder of the argument we shall adopt this value 
of «x, and shall definitely take up the standpoint of relativity. 
In relation to the remarks in § 3 we can at this point consider that 
the preliminary justification of the gravitational equations is 
terminated. In fact, their first approximation is represented in 
statical conditions by (26) and (27). The equation (27), as we 
have now proved, is identical with Poisson’s equation; the 
equations (26), as we shall see in the following section, serve to 
determine the quantities y,,, which to a first approximation, as 
we have already said, do not influence the motion, but will 
become essential when we come to discriminate on a more refined 
scale between the Newtonian mechanics and the relativity theory. 
Here we have referred specifically to the statical case, but the 
justification of the gravitational equations obtained in this case 
also holds good, as already pointed out in § 3, in the general 
case, provided the coefficients y, of the product terms in da, dz; 
(2 = 1, 2, 3) are of order higher than the first. We have arrived 
at this condition by a process of induction from experimental 
facts, and have used it to reduce the ten gravitational equations 
to the seven of (17) and (18). We are now so to speak at the 
- deductive stage, and must first show that the gravitational 
equations contain in synthesis all the facts to a first approxi- 
mation; and at this stage we must point out that in ordinary 
conditions of material motion (i.e. with velocities which are small 
compared with that of light) the three gravitational equations 


Goi — 4 E95 = — KT); (frae a 23), (29) 


which are rigorously true in statical conditions, continue to hold 
to a first approximation if we suppose the quantities y, of order 
higher than the second (that of y and of the y,,’s). In fact, the 
left-hand side of these equations, as we have already seen (cf. § 4), 
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becomes identically zero when we put gj; = 0: this means that 
if the three g,,’s are treated as quantities y, of a certain order 
of smallness, the left-hand side of (29) will be of at least the same 
order.1 If therefore we suppose that the y,’s are of order higher 
than the second, the left-hand side of (29) will also be of the 
same order, and therefore zero to a first approximation. As 
regards the right-hand side, we know (cf. Chapter XI, § 24) that 
~ in a pseudo-Euclidean metric, and therefore (neglecting terms 
of higher order) also in the case we are considering, 


Py, = — € 8; = —D Bis 


and hence, from the presence of the factor 8,, 1t follows that 7); 
is of higher order of smallness than 7, and therefore that the 
right-hand side of (29) is of higher order than — x Ty, and is 
therefore zero to a first approximation. Hence, mn these con- 
ditions, the equation (29) is satisfied. 


6. The Hinsteinian ds? which corresponds to a first approxi- 
mation to an assigned Newtonian field. 


Suppose a Newtonian field and its potential U given. From 
the remark made in § 1, we can ignore the possibility (consequent 
on the motion of the material masses) that U may depend 
explicitly on the time, and treat U only as a function of the space 
co-ordinates, as if the masses were at rest in the positions they 
occupy at the instant considered. Consider a region not occupied 
by attracting masses, in which region A, U = 0. In order to 
characterize the corresponding Hinsteinian ds? to a first approxi- 
mation we have to determine (cf. § 5) the functions y and y,,, 


where y is given by y = —, and is therefore harmonic (i.e. a 
C 


solution of (27’)), and the y,’s have to satisfy (26’), which can 
also be written in the simpler form 


(26) 


1The quickest way of showing this is to suppose that the Jo, 8 ave of the form 
hy;, where h is a numerical coefficient determining the order of magnitude, and 
the y;’s are functions of position and of the time, to be treated as finite quantities 
together with their first derivatives. It is clear in this case that the left-hand 
side of (29) contains h as a factor. 
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since the covariant derivatives which would occur on the right 
would differ from the ordinary derivatives by terms of higher order, 
and can therefore be replaced by these ordinary derivatives. 

For the integration of these equations we note in the first 
place that we get a particular solution by taking 


Sey yen ieee HTS) 


The proof follows immediately from the expression (25) for 
the a,,’s, im which Jo is of course put equal to zero. Substituting 
for a, In (26”) the values 


3 (0? y, 02 O24). O21 ) 
Sy Vik Thien Veh x Vhk , . (29' 
ie eae dy,0y, Oy,0y,  Oy,0y,) ee 


and remembering that y is harmonic, the required result follows. 

Since then the equations (26’’) constitute a linear non-homo- 
geneous system in the y;,’s, the general integral is obtained by 
adding the solution (30) to the most general solution of the 
equations with the right-hand side zero, i.e. 


a 0. 


The general integral of this system could easily be constructed 
by using the result (cf. Chapter VII, § 11) that for a three- 
dimensional manifold the vanishing of Ricci’s symbols a, implies 
that all Riemann’s symbols are likewise zero, or in other words 
that the quantities 

Oy = OF + Vix: 


are the coefficients of a Euclidean dl? (referred to any curvilinear 
co-ordinates whatever). But, as it happens, the addition to the 
particular solution (30) of the general integral of the homogeneous 
system has no interest, since, as we shall see shortly, this corre- 
sponds merely to a change of the co-ordinates of reference. 

In fact, the vanishing of the symbols a,, as we have just 
pointed out, expresses the necessary and sufficient condition that 
dl? should be Euclidean, i.e. reducible, with a suitable choice of 


parameters, to the form &%;dy,?. Hence, if 2, x, 7; denote the 
1 


co-ordinates of reference in their most general form, the most 
general method of defining a Kuclidean d/?, with respect to these 


3900 ABSOLUTE DIFFERENTIAL CALCULUS 


co-ordinates x, will evidently be to introduce a transformation 
of any kind 
Yi = Yi (Ly Le, Us) (2 = 1, 2, 3) 


between the y’s and the 2’s, and a take for the coefficients a, 


those which result from expressing S, ; dy? in terms of the differen- 
_ tials of the 2’s. 
Assuming the functions y; (21, %, £3) in the form 


@; + §; (4, Va, Xs), 
as is always legitimate, and inserting the corresponding differen- 
3 


tials in the trinomial &, dy,?, we get 
i 


3 
dP = Diz ay, dx; dx, 
1 


ge ees a+ (2 & 28), 0g, 2g, 


0” 1’ Ox, Ox, 


In order to take account of the condition that the difference 

a, — 5; = yz, is limited to the first order, together with the 

further condition that the difference between the Cartesian 

co-ordinate system of the y’s and the curvilinear system of the 

x’s is to be of the same order,! it is sufficient (and necessary) that 

we should be able to treat the functions € and their derivatives 
as infinitesimals. It follows that 


a) [Sie ae 
Vik (Fe + 58), . : . . (31) 


which constitutes the formal expression for the general integral 
of the homogeneous system a,, = 0 (the a,,.’s, in the form (29’), 
being linearly dependent on the y,,’s). 


1Tf this condition is not imposed, the only necessary condition is that the six 
numerical quantities 
0k: | Sag; i Obs 
= AS) ~ Sk +>; i J 
a ce Ox; 1! Oxy Ox 


should be infinitesimal, and this can be secured, as Prof. ALMANSI has shown 
(cf. “L’ordinaria teoria dell’ elasticita e la teoria delle deformazioni finite”, in 
Rend. della R. Acc. dei Lincei, Vol. X XVI (second half-year, 1917), pp. 3-8), 
even when the quantities £ are not themselves infinitesimal. 
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But it is not this formal expression with which we are con- 
cerned, but rather the circumstance that the term (31), which is 
to be added to (30) in order to get the general integral of the 
system (26) with the right-hand side not zero, can always be 
made equal to zero by a suitable change of co-ordinates; this 
change being the substitution for the x’s of the combinations 


Y;, = D+ &:(@, GM, %), . -« « (32) 
the result of which is that the expression for dl? reduces, by 
3 
construction, to X, dy?, all the differences a;, — 8/ vanishing. 
1 


When the y’s are chosen as variables, the transformation (32) 
must naturally be applied also to the particular solution (30). 
But since the €’s are to be considered infinitesimal equally with 
y, (32) reduces, so far as (30) is concerned, to the mere substitu- 
tion of the y’s for the z’s. The expression (30) for the particular 
solution, which alone is of any interest for our purpose, thus 
remains unaltered when the system of reference is changed to 
the y's. 

It is further to be noted that the elementary form A$y (the 
sum of the second derivatives) of the parameter also remains 
unaltered. 

From the foregoing arguments we see that 7 an empty field 
the statical potential U (Newtonian to a first approximation) is 
associated with a metric modification of the associated three-dimen- 
sional space. With a suitable choice of the co-ordinates of reference 
(the y’s just defined) we have 

me bs 
ones @ 
with y harmonic (in the y’s as well as in the 2’s); the values of 
the coefficients a,, of the square of the lme element are given 
(to the same degree of approximation) by the expression 
Sk(1 + 2y), so that 
dP = (1 + 2y) (day? + dag" + das"). 

It will be seen that in general the space does not remain 

Euclidean even to a first approximation, but, to this degree of 


approximation, can only be conformally represented in a 
Euclidean space. 
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To sum up, remembering that go) = 1 — 2y and that g); = 0, 
the ds? of the Hinsteinian space-time belonging to an assigned 
Newtonian field of force with potential U = c*y is given by 


ds? = (1 — 2y) dao? — (1+ 2y)dl,", . . (33) 


where dl, is the line element of a Euclidean space. 
In the case of a single point-mass my we need of course only 
take 


cay ree 


> 
eC r 


where 7 represents the distance between the mass and the point 
at which the attraction acts. 


7. Further approximation for the coefficient g,, = V? in 
statical conditions. 


In the preceding chapter (§ 10) we saw that if the ds? of space- 
time is not far removed from being pseudo-Euclidean, then the 
motion of a material particle is affected only to a first approxi- 


mation by the second-order difference 2y = ze between Jo) and 
c 


unity, so that the results are the same as for the Newtonian theory. 
If, however, we wish to proceed to a further approximation, 1.e. 
to calculate the principal part of the Eimsteinian correction to be 
applied to the laws of the classical mechanics, we must not only 
find the second-order quantities y,,, which are the differences 
between the a,,’s and the Euclidean values (the y,’s being of 
higher order), but we shall also need an evaluation of go = V? 
carried to the fourth order. 

This is easily found if we limit the investigation to the statical 
case and to a portion of empty space (with the energy tensor 
zero). The differential equation (21) of § 4 is then rigorously 
true, i.e. 


A, Vi ==)02 52 Ue er 


it being of course understood that A, refers to the spacelike dl?. 
To a first approximation, as has already been seen, we have 


V2 = 1— dy, 
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where y is proportional to the potential of the field, by (9). We 
shall accordingly have to put 


Violen ie ue.) 84 


where % is to be of higher order than the second. The explicit 
expression of A, in generic co-ordinates (cf. Chapter VI, § 7) 


A, Vase War! 


gives in the first place, by (21”) and (34), 
S 0 Jars? S 0 melee 
aa, | Ai imainck es: ( Go tee (2h) 
From this we have to find % to a fourth-order approxima- 


tion. As y is already of the second order, in calculating »/ 


re} = 
(fom sh i and a we need only consider terms as far as 
1 


the second order, i.e. we can use the form (cf. formula (33)) 


dP? = (1+ 2y)dl,2. 


This gives . 
Ja = (1+ 2y)i, 
12 Mae ght fe 
Y 1+ Qy” 
whence, neglecting terms of sv order than the fourth, 
Vay’ = Lay ee vest ay 


A priori we do not yet know the order (by hypothesis cer- 
tainly higher than the second) of the additional term %, which 
we have to calculate not only as far as its principal part of order 
v, but also so as to include additional terms, if any, up to the 
fourth order inclusive. For the moment we shall consider the 
part of order v. On the left-hand side of (21’”) we can substitute 
1 for \/a, the difference between these two quantities being of 
the second order, which is equivalent to neglecting terms of order 
y+ 2. As-yis harmonic, it follows that 


AD(h + 4) = 0 
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2 


3 
where A} as before represents Laplace’s operator &, ane? whence 
1 


xe 


ye = — 4,?-+ a harmonic function. 


With suitable hypotheses as to qualitative behaviour, it will 
be seen that the additional harmonic function must vanish, and 
_ there remains 

Yeo ey 


as the principal term of the function %. As this is already of the 
fourth order, we can take — 4)? as the expression for % correct 
to the fourth order inclusive. 

To the same order of approximation we get 


gn = VE = Ly + WF 
== DL By say crises cae (33) 


8. A theorem of mechanical equivalence. 


From the two preceding sections it follows that to a sufficient 
degree of approximation the Einsteinian ds? which corresponds 
to a statical Newtonian field of potential U, fixed in advance, 
is given by 


ds? = (1 — 26)dy.? — (1+ 2y)dl2, - . (36) 

U 
where Yom Soe) ei eee (37) 
0. = Vs she Oe) 


(cf. formula (35) in the preceding section). 

In (36) we are satisfied with the first approximation for the 
coefficients of the spacelike dl)?, while for V? the part which is 
of the fourth order is also given. This formula is a particular 
case of the ds® considered in § 10 of Chapter XI (formula (27)). 
In order to define the motion of a material particle, i.e. the 
geodesics of a space-time of this kind, in accordance with the 
criteria of Chapter XI, § 10, we note first of all that (36) gives us 


ds? dl, \2 
ee ee ee: 
dy? us dy, 


'Cf. Levi-Crvira, Rend. Acc. Lincet, Series VI, Vol. IV, 1926, pp. 3-5. 
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comparing this with the equations (28) of Chapter XI and noting 


\2 2 
that (>) is identical with B? = = we see that it corresponds 
” c 
to the particular case in which the linear form 7, vanishes and the 


quadratic form 7, reduces to yf?. This brings us back to the 
case considered in § 11 of Chapter XI, the necessary values for 
the symbols then used being 


2U Sie 
Smokie rahe Pe an eae 


Equation (31) of Chapter XI gives 


U, = (1+ 42)0 43% piece eG 
(6) Cc 


which leads to the following theorem: The trajectories of the 
Einsteinvan motion coincide to a second approximation with 
those of a Newtonian motion in ordinary Euclidean space for 
which the total energy is still E and the force is derived from the 
potential U,. 

If ¢, is the ordinary time in this auxiliary Newtonian problem, 
the corresponding integral of vs viva is 

1(%o\7_ 7 
| (7) U, = £. 

This integral can be put in a more convenient form for the 
purpose we have in view. From equation (31) of Chapter XI, 
neglecting terms of higher order, U, + EH, which we shall call 
U*, can be written in the form 


2 
U* = (U4 e+ B (1+ +x), 
2U 


whatever may be the values of f and y. In our case, since y = —, 
Be 


2 
y= — oe we shall have 
ce 


a($)' = (v-2 ) ( a0 : 
(Z =(U- +E 1+ 2). . (39) 


Further, we saw in the section referred to that for the 
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Einsteinian motion, to the assigned ae of approximation, 
there exists the integral 


p(t 24 x)-U+ep = 2 


If ¢ is the variable which acts as the time in this problem, 


2 
Bog cy . Substituting for y and % their values, we can write 


d dl,,\ 2 4U U2 
this as 4 (2) (+S)-u-+8 


From this and from (39) we get the differential relation 


ee di, (1+ 5); 
6) 


when the Newtonian problem is completely solved, this relation 
enables us to find also the law of the time in the Einsteinian motion. 


9. Motion of the planets according to Hinstein, to a second 
approximation. Displacement of perihelion. 


The most striking application of the foregoing result is to the 
problem of the motion of the planets round the sun. If we treat 
the planets (as is in fact usually done as a first approximation) 
as material particles with mass so small compared with the sun 
that they do not perceptibly affect the field (or more generally 
the four-dimensional metric associated with the field), then our 
problem is essentially that solved in the preceding section, for 
the particular case in which the function U is the potential of 
a single mass m, (the sun) which can be taken as the origin O 
of the co-ordinates. We have therefore, as in § 6, 


m 
7 = fm 
fe 


where 1 is the distance between the sun and the planet, measured 
as if the space between the two were rigorously Euclidean. We 
know from the preceding section that as regards the trajectory 
everything happens as if the ordinary mechanics held and the 
planet were acted on by a unitary central force derived from 
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the potential (38). This consists of two terms, the first of which, 
4B | ale’ ; 
(1 =) U, corresponds to an attraction inversely proportional 


to ?, of radial component 


ge 
1 a 
( + =) a 
where for brevity we have put 
ae (1+ 22) fing pee, TIO) 


and the second to a disturbing force, also central, but inversely 
proportional to 7?, of radial component 


3402 oy 
e dr 7? 
2 
where k= 6 (2). ns Ser abet 
: Cc 


There are thus two modifications of the Newtonian law: 
(1) a change in the coefficient of proportionality, which becomes 


fm (1 - = instead of fimo; (2) a disturbing force (of the second 
€ 


order relative to the Newtonian force) inversely proportional to 
the cube of the distance, and therefore of the type already con- 
sidered by Newton. Now it is known from the theory of central 
forces! that for motion in a plane under a force whose radial 
component is 


the equation of the orbit in polar co-ordinates 7, 6 can be put in 
the form 


Oe a fee 48 
1 + e cosal md 


1 See e.g. Levi-Crvira and Amaupr: Lezioni di Meccanica Razionale, Vol. II, 
p. 200 (Bologna, Zanichelli, 1926); or Lams: Dynamics, second edition, Chap. 
XI, § 91 (Cambridge University Press, 1923). 


‘\ 
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by a suitable choice of the direction of the polar axis, where, 
G being the area-constant, 


a2 = 1 — a ee - ; 

G? op Gea 

and e¢ is a constant of integration, which can always be supposed 

positive, 6 being if necessary replaced by @ + 7z. 

All this holds generally. Now suppose in particular that 
e <1, denoting elliptic motion as a first approximation (i.e. for 

k, = 0, so that a reduces to unity). We can also suppose e > 0, 

which means that we exclude the case of the circular orbit. 

With this limitation, in equation (42) can be made to vary 

without restriction, and the equation shows that when 0 increases 


by as y again takes the same value. This holds in particular for 
Qa 


the minimum value of r (i.e. perihelion); and therefore, for two 
successive passages through perihelion, the anomalies differ by 


me In the particular case a = 1 (elliptic orbit with fixed peri- 
a 


helion), the value of this difference is precisely 27, so that the 


difference 9 l 
o = 1H or = an (“— 1) 
a Qa 
represents, in magnitude and sign, the angular displacement of 
perihelion in one revolution. With the value of a given above, 
taking into account the smallness of k,, we have 
not 
G2 
Since for o, which is already a correction, we need only a first 
approximation, we can take for G* its Newtonian value } 


G? = fingp = fma(l — &), 
where a and e denote respectively the semi-major axis and the 
eccentricity of the orbit. Using the value (41) of k,, we get for 
the displacement of perihelion the expression 

67 fm 
1— & ac’ 


== 


c= 


(43) 


which was first calculated by Einstein. 


1 Cf, Levi-Crvira and AMALDI: op. cit., p. 212. 
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In order to adapt the formula to numerical calculation for 
any planet, we introduce the mean radius a, of the earth’s orbit, 
and write (43) in the form 


im ee Gr fing. a 
1—@ ae a 
The eccentricity of any planetary orbit being small, we can 


at once put e¢? = 0. The radius of the orbit being a, we know 
that the velocity v in the orbit is given by 


vw fm 
ntaeas 


which expresses the equality of the attraction and the centripetal 
acceleration. For the earth we have in particular 


Vo" —- 0 
A 
and accordingly (43) becomes 
2 
o = bro ar Sell tote ee, 


The velocity vy of the earth in its orbit being -practically 
30 km. per second, and ¢ being 300,000 km. per second, we have 


approximately 0 — 10-‘, and therefore 
Cc : 

o = 67.10% © 

a 


For Mercury, the planet nearest the sun, and therefore 


evidently showing the most perceptible effect, Re 0-39, which 
ea 
gives for o a little more than one-tenth of a second. Since Mercury 


completes about 420 revolutions in a century, we thus find for 
the perihelion of its orbit the centennial displacement of 42”, 
which corresponds exactly to the difference between the total 
observed displacement and the amount predicted by ordinary 
celestial mechanics from the Newtonian theory of the per- 
turbations due to the other planets. It was precisely this 
residual shift of about 42” per century which before the 
birth of the relativity theory could only be explained by 
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introducing hypothetical disturbing forces with constants deter- 
mined ad hoc. 

For the other planets, the corresponding calculation naturally 
gives a much smaller centennial shift, hardly 8-6’ for Venus, 
3:8” for the earth, 1-35’ for Mars, and still less for the others, 
and the results of observation which are at present available are 
not accurate enough to provide any basis of comparison with 
~ these figures. 


10. Displacement of the spectral lines. Deflection of light. 


In this section we propose to examine the effect of a field 
of force on the frequency and the path of light rays. We suppose, 
as in the preceding section, that the field is statical, with a New- 
tonian potential U, and we consider regions of the field external 
to the attracting masses. The effect to a first approximation will 
be sufficient for our purpose, and we can consequently assume 
that the expression (33) of §6 


ds? = (1 — 2y)daez— (1+ 2y)dl2, . . (33) 


where y stands for Z , holds for the four-dimensional ds?. 
C 


Now suppose that a phenomenon which is predominantly 
timelike (e.g. the. vibration of an atom) takes place at a specified 
point 7. If dé is an elementary interval of time in which this 
phenomenon is considered, and if within this interval the varia- 
tions dy; of the space co-ordinates are assumed to be negligible, 
we shall have from (33) (since 7 = ct) 


dsi, = (1 — 2y,)e dé, 


where the suffix 7 denotes that the values in question are 
those belonging to the phenomenon at the point 7. If the 
phenomenon takes place instead at another point S we have 
analogously 


ds? = (1 — 2Qyz)c* di?. 


Now suppose that we have two identically similar phenomena 
at different points, e.g. the emission of light from two atoms 
chemically alike and in identical physical conditions. If we 
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admit that in such a case the space-time interval ds? will be the 
same for both, the foregoing formule will give 
dt. 1l—y, 
a = ]— — Yz)s 
di re. (Yr — ¥s) 


Yi 


This differential relation between corresponding times of the 
two phenomena under discussion, expressing the constancy of 
the ratio - naturally implies that the same ratio exists between 
i 

any finite pair whatever of corresponding intervals, Aé, and At,; 
in particular, if the phenomenon considered is periodic, between 
the respective periods or between the reciprocals of the fre- 
quencies v, and v,. We thus have, neglecting terms of the second 
order, 


Ve— v 1 
= Bren Vg me (Ue Us), 


Vp 


which shows that in a gravitational field the variation of the 
frequency is of sign opposite to that of the potential; hence, in 
particular, there will be a reduction of the frequency for a given 
spectral line (and therefore a shift of the line towards the red end 
of the spectrum) on passing to a region of higher potential. 

By way of example, let us compare two monochromatic light 
rays emitted in the same conditions on the earth 7 and on the 
sun S. We can neglect U,, in comparison with U, and take for 
U, (cf. the preceding section) the value 


le fm _ fim “0 


Ss 


where 7, denotes the sun’s radius. As we saw in the preceding 
section, we now have 

Sm 
a 


0 


ah we 


the (relative) variation of the frequency, if Av = v,— v,, is 
therefore given by 


Uo ath ae Ay (44) 
3 i aoe 
C V C Uy 

(D 655 ) 27 
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and since in round numbers 


U -4 4% 
hee SO eee 
c % 


= 200, 


Se older ean ie) 
Vv 


It was uncertain for some years whether there did in fact 
exist a shift of this kind towards the red for the solar rays, as 
compared with corresponding rays emitted from a source on the 
earth. The most recent measurements by Perot, Fabry, and St. 
John tend to confirm its existence. 

A more remarkable verification has recently been provided 
by St. John, who, following up a suggestion of Eddington’s, has 
observed analogous displacements in the spectrum of the Com- 
panion of Sirius. 


We now pass to the consideration of the path of a light ray 
in a field of force. Along any ray we shall have in the first place 
(cf. Chapter XI, § 16) ds? = 0, and further, the field being 
statical (Chapter XI, § 18), Fermat’s principle 


8{dey = 0 
will also hold. 
Since ds? = 0, the expression (33) for ds? gives 


dg ea tere ys 
1 — 2y 


and therefore, neglecting squares of y, 
d%y = (1+ 2y) dl. 
The rays are therefore defined by the variational equation 
Sf + 2y)d= 0... . . . (45) 


At this point we note that in an ordinary Euclidean medium, 
isotropic but not homogeneous, of refractive index pu(y,, Yo, Y3), 
the geometric path of a ray, by Fermat’s principle, is charac- 
terized by the variational formula 


5/udl, — 0; 


7" 
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comparing this with (45) we see that in our field of force, with its 
ds* given by (33), light is propagated as if the space were Euclidean 
and filled with a medium of refractive index 


B= 1+ dy. 


This remark becomes even more expressive if we refer once 
more to the trajectories of a dynamical problem. In fact, as 
we have already had occasion to show in § 11 of Chapter XI, 
the principle of least action leads to the result that the curves 
(45), or, what comes to the same thing (multiplying by c? and 
remembering the meaning of y), those for which 


5{c2(1 + 2y) dlp = 8{(@& + 2U) dlp = 0, . (45') 


can be considered as the trajectories of a material particle in 
2 
ordinary space in a field of potential 4c?(1+ 4y) = st 2U 


and with total energy zero, or, if we prefer, in a field of potential 
2 
2U and with total energy = 


It is interesting to observe that even in the classical mechanics 
the mere hypothesis of the materialization of energy leads us to 
predict a curved path for rays in a gravitational field. If in fact 
we admit that light rays, regarded as lines of flux of energy, are 
effectively trajectories of material particles, then each of these 
rays—their mutual reactions being supposed negligible—ought 
to behave like a free material particle moving under the action 
of the force in the field (of potential U) with a velocity which 
tends to ¢ at an infinite distance from the attracting masses 
(i.e. for U = 0), or, which comes to the same thing, with total 
energy 3c? per unit mass. It will be seen that general relativity 
implies, to a first approximation, solely the substitution of 2U 
for U. Now apply these considerations to the path of the rays 
in the sun’s gravitational field. In accordance with the above 
remarks, these rays are to be considered the trajectories in the 
problem of the motion of a point attracted by a fixed centre of 
force, the potential, with the same notation as before, being 


ay — mo 
r 
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and the total energy 
B= te. 


These trajectories are obviously conics with a focus at the 
centre of force. The species will depend on the sign of the constant 
E; in our case EH > 0, so that the curves are hyperbolas. Since 
the divergence from a rectilinear path must be very small, it is 

- self-evident that these hyperbolas will be only very slightly 
curved; this can also be proved analytically from the differential 


equations. To show this, let n and u denote the direction of the 


principal normal and the curvature at any point of a ray. 
Equating the centripetal acceleration to the centripetal force 
per unit mass, we have 


The derivative - represents. the force in the field in the 
mn 


direction - and cannot therefore be greater than the intensity 


a = Ee of this force. Further, the integral of vis viva 
r 
re i ae 1¢2 2U 
a2 = $7 - 2U = Fe LE car 


shows that if we neglect terms of the second order, v may be 
taken as equal to c. Consequently we have 
1 1 2fmp 


SS 5 
pl. Ce 


If 79 is the sun’s radius, the maximum possible value for the 


force me ° in the space traversed by the light rays is evidently 


that ies by 7 = 79; the above inequality can therefore be 
written 
2fm 


aes : 
po re 


Agt@o My » 


"9 


is the value U, of the potential at the surface of the 
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sun, and the value of the ratio Us is 2 x 10°§ (cf. formula (44)), 
we get finally 2 


=4x 10°° b. 
To 


cS) oe 


In other words, if the radius of curva- 
ture p is not infinite as for a straight 
line, it is at any rate of the order of a 
million times the sun’s radius. 

It is therefore perfectly legitimate to 
assume that the rays are in any case 
only very slightly bent, even if they 
pass very close to the sun; in every case, 
therefore, the hyperbola in question will 
have its asymptotes OA’, OT” (cf. fig. 4) 
almost in one straight line. 

Consider in further detail the hyper- 
bolic ray which grazes the solar sphere 
at V. Let O be the centre of the hyper- 
bola, S the centre of the sun and there- 
fore the focus of the given branch of the 
hyperbola. V will be its vertex, and, Fig. 4 
if a denotes the transverse semi-axis 
and e the eccentricity, we shall have by definition 


OVe== @, 708 — ge, SV = 7, = ale — 1). 


We know also from analytical geometry that if 6 represents 
the exterior angle between the two asymptotes 


In the case we are considering, 6 must be very small; hence, 
from this formula, e is very large. Our results will be quite suff- 
ciently accurate if we take the sine of the angle 6 as equal to the 


arc, and consider — negligible in comparison with unity. Thus 
e 


we can write 2 2 1 9 
€ 


406 ABSOLUTE DIFFERENTIAL CALCULUS 


Using the relation 7) = a(e—1), we get finally as the 
measure of 5 in terms of the two lengths ry and a 


SSN 2 aan 


In the classical theory, the transverse semi-axis a in the 
_ hyperbolic motion due to the Newtonian attraction of a mass 
M is connected with the constant # of the vis viva by the relation 


pat 
2a 


Putting for EH its value 4c*, and noting that in our case 
M = 2mg, this gives a, and (46) becomes 


Sct SH, AS mene eee 


3 ? 
Cc to 


and therefore, using the numerical value already found for this 


expression, 
Or 8 108 


The right-hand side is a pure number, which gives the angle 
6 in radians. In seconds 


8. <=) 1-7 yas ee eo 


It will at once be seen that this angle 5 gives the measure of 
the deflection, i.e. the maximum angular deviation to which a 
stellar ray can be subjected by the sun’s gravitational action. 
Suppose in fact that we are considering a ray of light which starts 
from a star A and arrives at a terrestrial observer after describing 
an arc of a hyperbola which grazes the solar sphere at V, as in 
fig. 4. The direction of the hyperbola at 7, along which the 
observer receives the light ray, is indistinguishable from that of 
the asymptote OT"; the direction in which the light left the star 
is that of the tangent at A, which in its turn is indistinguishable 
from the other asymptote A’O, so that the deflection is the 
exterior angle between A’O and OT", ie. 8. 

The direction A’O will naturally be identified with the 
direction in which 7 sees the star in normal conditions, i.e. when 
the sun leaves the earth-star direction and the corresponding 
gravitational perturbation becomes imperceptible, so that the 
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visual ray again becomes rectilinear (or so nearly rectilinear that 
the difference is absolutely imperceptible). 

It may be well to point out that if the visual ray from a star 
does not graze the solar sphere but passes at a distance r > 7, 
from the centre of the sun, the deflection diminishes, being in 
inverse ratio to the perihelion distance r. This can be seen as 
follows. The expression (46) for 6 naturally holds for any star 
whatever which is visible from the earth, provided 7, is replaced 
by the perihelion distance 7. We shall thus have 


The factor my has been calculated above, so that we have 
finally To 


Say 1e7 sor 
, 


Since 7) corresponds to an angle of 16’, it will be obvious that 
if the angular distance from the centre of the sun is even a few 
degrees 5 will not be more than some hundredths of a second, 
and will therefore be totaliy imperceptible, just as if the ray 
were rigorously rectilinear. 

The angular displacements, if any, due to the sun become 
capable of observation during a total eclipse. A first attempt in 
this direction was made by the Lick Observatory in 1918, but 
the precision of the observations was insufficient for the purpose. 

For the total eclipse of 29th May, 1919, two simultaneous 
expeditions were organized by the Royal Society of London: 
one for Sobral in the north of Brazil, the other for the island of 
Principe in the Gulf of Guinea, both localities bemg within the 
zone of totality of the eclipse. The results of the observations 
made by these two expeditions can be summarized as follows. 
For the deflection of light the mean value of the displacements 
observed at Sobral gave 1-98”, with probable error + 0-12”; 
at Principe the mean value was 1-61”, with probable error 0-30”. 
The deflection 1-76” predicted by Hinstein’s general relativity 
lies between these two. This provided a new and striking con- 
firmation of Einstein’s theory, as the observed results were 
definitely incompatible both with the zero deviation of geome- 
trical optics, and with the deviation of half this value (0-88) 
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which would be given by the ordinary theory combined with the 
simple postulate that mass and energy are proportional. 

On the occasion of the next total eclipse (21st September, 
1922), visible in Western Australia, three further expeditions 
started for the zone of totality; the American one, organized by 
the Lick Observatory and conducted by Campbell, was the only 
one to secure any useful observations. But the available stars 
were rather far from the limb of the sun, and the deflection was 
therefore small; the results! show a wide dispersion, so that 
many astronomers do not regard their mean value as a further 
confirmation of the theory, although it is in almost perfect 
agreement with the Hinsteinian prediction. 


11. Three-dimensional metrics with spherical symmetry. 


We shall begin by defining what is meant by saying that a 
metric manifold V, has spherical symmetry round one of its 
points O. We shall follow the geometrical method suggested by 
Palatini’, considering along with the V, an ordinary Huclidean 
space V, in one-to-one correspondence with it. This corre- 
spondence being established, any point-transformation (7) of 
V;, into itself (in particular, a rigid motion of V3) gives rise 
to an analogous point-transformation of V, into itself. There is, 
however, no @ priory reason that a rigid motion of V;, should 
correspond to a rigid motion of V3, a rigid motion of a manifold 
being taken to mean any transformation which leaves di? un- 
changed, and therefore, in particular, changes geodesics into 
geodesics. 

We shall now say that a metric manifold V, has spherical 
symmetry round one of its points O when each of the o% rigid 
rotations of V; round the corresponding point O’ determines a 
rigid motion in V3. 

Some important properties of the metric of a V, with this 
property follow easily from the definition, subject naturally to 
the obvious condition that the metric (i.e. the coefficients of di?) 
is regular in the region round every point, except possibly the 
point O. It can at once be shown that to any ray 4’ drawn from 


1 Published in the Lick Observatory Bulletin, No. 346, 1923. 
° Cf. “Lo spostamento del perielio di Mercurio, ecc,” in Nuovo Cimento, XIV 
(1917), pp. 12-54. 
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O’ there corresponds in V; a geodesic j drawn from O. Thus, let 
P’ be any point on 7’ which is not O’, P the corresponding point 
(which is therefore not O) in V3. Let g be the geodesic in V; 
which is tangential to j at P; from the qualitative hypotheses of 
the case it follows that g exists and is unique. We have to show 
that g coincides with j. 

Consider in V; the oo! rotations which have j’ for axis: 
these correspond to oo! rigid motions in the space V3 which 
leave fixed all the points of 7, and only these. If we suppose that 
g is distinct from j, the effect of the oo! rotations round 4’ would 
be that g would occupy a simple infinity of positions, retaining 
in each the properties of being geodesic and tangential to 7 at 
P; we should therefore have an infinite number of geodesics 
drawn through P in the same direction, which is impossible; 
hence g must coincide with 7. 

An obvious deduction is that to any spherical surface &’ 
with centre O’ there corresponds in V3 a geodesic sphere & with 
centre O. 

Now consider any pair &, &’ of these surfaces, and the corre- 
spondence between the points @ of one and Q’ of the other 
determined by the correspondence between the two spaces. We 
wish to show that the correspondence between Q and Q’ is 
conformal. 

Let do’ be a generic line element in %’ drawn from Q’, do the 
homologous element drawn from Q. If we suppose the Euclidean 
space referred to polar co-ordinates 7, 0, 4, we shall have 


do’? = 12(d6? +. sin? 0 d¢2) 


where r = O’Q’. Further, when r, 6, ¢ are known, they deter- 
mine Y’, and therefore also Q, from the one-to-one correspondence; 
@ and ¢ can therefore also be regarded as curvilinear co-ordinates 
of @ on &, and the line element do, corresponding to do’ (i.e. to 
arbitrary differentials d? and d¢), will in every case be repre- 
sented by a quadratic form which we propose to find. 

Consider two elementary arcs do’ of equal length, drawn 
from Q’ in two different directions. The two homologous arcs 
do will also be equal. For the two ares do’, being equal in length, 
can be obtained from one another, by a rotation round O' Q’; 
hence we infer that the two arcs do can also be obtained from one 


410 ABSOLUTE DIFFERENTIAL CALCULUS 


another by a rigid motion in V,, and are therefore of equal length 
with respect to the metric of V3. 
It follows that the ratio pe is the same for the two directions 
Oo 

considered, or, in other terms, that this ratio is the same whatever 
the differentials d0 and dé may be. It is therefore a function 
H of position alone, i.e. (a priort) of 7, 0, 6; but it will at once be 
seen that this function must be the same whatever may be the 
point Q’ of &’ considered, since we can always pass from one 

Q’ to another by a rotation. We can therefore put 


dot ==" 11" doa > 


where H denotes a function of r only. 

For what follows it is perhaps advantageous to replace the 
co-ordinate 7 (the radius vector in Vs) by a function R(r) defined 
by the equation 

Wty cece oC) tees MipiN a  teruccen et) 


The square of the line element of the geodesic sphere } thus 
takes the form 
do® = R2(d0? + sin? 0dd?); . >. +(49) 


this gives us the geometrical significance of R, no longer in the 
auxiliary Euclidean metric, but directly in V3. In fact, the 
expression (49) for do* is that for a sphere of radius R in ordinary 
space, and as such (cf. Chapter VIII, § 7) has Gaussian curvature 


K= 


= this curvature, from its intrinsic nature, belongs to 
any surface whose line element is given by (49), and therefore, in 
particular, to our surface &. 

We can therefore attach the following significance to the 


» 1 ’ : 
co-ordinate R: RB represents at any point the Gaussian curvature 


of the geodesic sphere with its centre at the centre of symmetry 
O and passing through the point. From the property of symmetry 
it follows at once that all the geodesics drawn from O cut the 
sphere & orthogonally; hence if we denote by dg the elementary 
arc of one of these geodesics, the dl? of V,; can be represented 
in the form 


dl? = dg? + do?; 


METRICS WITH SPHERICAL SYMMETRY = 411 


and since dg depends solely on R (also from symmetry) we can 
put 
dg = A(R\AR, 


where A is a function of R, a@ priori undetermined, so that we 
get in consequence, with the help of (49), 


dl? = AdR? + R?(d6é? + sin?0d¢?). . . (49’) 


This is the most general expression for the di? of a V3 which is 
symmetrical round a point.? 

It is not without interest to show that every V, of this kind 
can be conformally represented in Euclidean space. It will be 
sufficient to show that we can determine two functions H(r) 
and r(R) such that we have identically 


A?*dR? + FR? (de? + sin? 6 dd?) = H? {dr? + 12(d6? + sin? 6 d¢2)}; 
the necessary and sufficient conditions for this are 
Hr.= Rk, Hdr = AdR, 


and therefore, eliminating H, 
yee Ar, UE gS. £7228 (50) 


When 4 is a known function of R, this determines 7, except 
for a constant multiplier, which from the strictly geometrical 
point of view remains arbitrary.. The modulus H of the conformal 
transformation is then defined by 


t= (51) 


S| 


We shall now calculate Ricci’s symbols a,, (Chapter VII, 
§ 11) relative to a metric of this kmd. We again make use of the 
property of symmetry, noting that an obvious consequence of 
the considerations set out in § 12 of Chapter VII is that if the 
quadric which determines the local distribution of curvature has 
an axis of symmetry, this axis gives one of the three principal 
directions, while the other two are indeterminate (i.e. may be 

1 This formula had been given as early as 1896, from analytical considerations 


based on the theory of groups. Cf. Atti della R. Acc. dei Lincet, Vol. V (second 
half-year, 1896), pp. 164-171. 


412 ABSOLUTE DIFFERENTIAL CALCULUS 


any pair of directions orthogonal to each other and to the axis 
of symmetry). In our case, a point P distinct from O having been 
fixed arbitrarily, and the behaviour of every metric property 
being symmetrical round the geodesic g which joins O and P, 
it follows that the quadric of curvatures at P is necessarily 
symmetrical round the direction of g. Hence at every point 
our co-ordinates 7, 6, d give principal directions of curvature, 
~ from which it follows at once that in the quadric of curvatures, 
and therefore in the tensor a,,, the product terms are missing, i.e. 


aes as, = 0 for 4 &. 


In addition, if w, is the principal curvature corresponding 
to g, the other two curvatures wy, w; are equal to one another; 
we shall denote their common value by w. 

We may now recall formula (47) of Chapter VII, viz. 


3 
Ay, = Uw, Ani Ane 
at 


which gives explicitly all the a’s as functions of the curvatures 
and of the moments of the principal lines. Since these coincide 
with the co-ordinate lines, along which vary R alone, @ alone, 
and ¢ alone, respectively, they will have for parameters 


dR 1 


p\ pment ny ees (1 Oy 
1 dl A if: a! 
MeO ad WO era: 
dl. 2h 
: outa 1 
Ope \g ta ee : 
Q 2 Pag eR cing 


and therefore the moments will be 
Av = A, Ajy\2 = 0, Xi)3 = 0; 
XoV1 a 0, X22 —— R 7.5 ——— 0; 
Substituting in the formula quoted above, and putting 
MW, = W3 = wa, we get 


ag = 0 {622 iA) emeeeag) 
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The equations (53) have already been obtained from the 
consideration that in our case the principal lines of curvature 
coincide with the co-ordinate lines. 

We shall now calculate explicitly the value of w at a generic 
point P from its definition as the Riemannian curvature. From 
symmetry, it can be considered as belonging to any geodesic 
surface whatever with pole P and containing the direction R. 
_ We shall show that the surface 6 = constant is a particular case 
of such a surface. Take the differential equations of the geodesics 
in our V, (of line element dl), not, however, in the form given 
in (47) of Chapter V, where they are solved for the variables, 
which would require the calculation of Christoffel’s symbols, but 
in Lagrange’s parametric form, starting from the Lagrangian 
function (the vis viva) 


In the case we are considering 
= 1{4? Re4+ R22 + sin? 6 d2)}, 


(where a dot over a letter denotes differentiation with respect to 
the parameter ¢), and therefore 


= = i sin? 6 ¢, 
og 
eerie 


o¢ 

From Lagrange’s equation for the angle 4, viz. 
GOL fT 0 
dt af 


it follows on integrating that one of the equations of the geodesics 
has the form 


R? sin? 6¢ = constant. 


From this it follows that if a geodesic issuing from P touches 
initially the surface ¢ = constant (so that 6 = 0 at P), ¢ 
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vanishes along the whole geodesic, which therefore belongs to 
the surface 4 = constant passing through P, as we wished to 
prove. To find w, we have therefore to find the curvature of the 
binary differential form 


Aide. ge ee ee 


which expresses the square of the line element of the surface 


¢ = constant. 


The general expression for this curvature is 


ia (12, 12) 
a 
(formula (28), Chapter VII); as our a is A? R?, it only remains 
to calculate Riemann’s symbol of the first kind (12, 12) by means 
of formule (3) and (5) of Chapter VII. The explicit expression 
for this was formed by Gauss, and is given in all treatises on 
the subject. We thus get 


yet 1 ‘-G)-=3 d Gy 
AR dR \A 2R dR \A/* 


For the curvature w, we find 


An independent calculation of these expressions is given in 
the following section. 


12. Digression on the calculation of curvatures. 


While our specific object is the calculation of w and w,, we 
may here, for the convenience of the reader, show how the 
explicit expression for the curvature of a binary form as a function 
of its coefficients can be obtained without calculating Christoftel’s 
symbols.1 We shall start from the geometrical property of the 
curvature expressed by formula (29’) of Chapter VII, viz. 


st, 
DI’ 


1 Of. F. Sprana: Rend. della R. Acc. dei Lincet, Vol, XX XIII (second half- 
year, 1924), pp. 236-238, 


i 


‘fd 
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where DI denotes the area of an infinitesimal circuit 7 con- 
taming P, and « represents the angle of parallelism. In order to 
reduce the calculation to a minimum, we shall calculate ¢ with 
reference to a dl? of orthogonal form, of the type 


Bde? + Gds* .. & 6 (5B) 


If on leaving P the direction A which is being displaced makes 
an angle a with the co-ordinate line 2, its parameters A, i? 
are plainly given by 
cosa, _ sina 


JE VG 


(cf. Chapter V, §§ 4 and 7). Now consider an infinitesimal dis- 
placement 5P, of contravariant components 62,, 57); we know 
that when A is given a parallel displacement along 5P the incre- 
ments 42’ of its parameters are given by 


eS (56) 


Sri = — Big {il 1} 8x, = = 1,2) (67) 
1 


(Chapter V, formula (23)). In order to avoid the necessity of 
calculating the coefficients on the right-hand side (Christoffel’s 
symbols), we note that the equations 


vj 


2 
of the geodesics have on the right-hand side quadratic forms 
whose coefficients are precisely the symbols we need. Further, 
the first of the Lagrangian equations of the geodesics corre- 
sponding to the form (57) (the equation relative to a) is 


g.0L or yslley 
dor, Ox, ‘ 
where T = 4(£a,?+ G2,?), 


or, performing the differentiations and solving for %,, 


Pek * {at Ba at + 78 a, is} 
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where £,, E,, G, represent derivatives of H and G with respect 
to a, and x. Comparing this with the first of the equations 
(57), we see that the latter can be written 


ay es ON Bay + 8 M By + 52 28 5x, | 


1 = 
ze \QE OE 


= —N8 log VE+ 2» (— 


G. 
2 Bk = a Bay). 


But from (56) we get 
le 


ON eo 


2 Sa — A18 log W/E, 


and substituting from this in the preceding equation there 
results 


6 (EZ, 6x, — G, dx 
a = sm 1 2). 


The angle of parallelism is obtained by integrating da round 
the circuit ZT. Replacing the line integral by a surface integral 
in the usual way (for the signs, cf. footnote to § 7, Chapter VIL) 
we get 


«= Teles, (aa) * ae, (seg) [2% 


Noting that the field of integration reduces to the infinitesimal 
element 


DY = VEG da, day, 


we can write (neglecting infinitesimals of higher order) 


tes Tm E (a) re = a 


This gives the required expression for the curvature, viz. 


K =~ 3 ee Ce) ; a (F35)| 


vs 
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For EZ = 1 (for which the lines x, are geodesics) we get in 
particular the formula 


Ricans OG 


AE: On,” 


which is frequently used in the theory of surfaces. 
For the line element given by (54), putting z, = R, 2, = 9, 
so that EH = A(R), G = R?, the curvature K becomes . 


Loe Ud G/T: 
ss AR dR (): aaa a 


as stated in the preceding section. 

We now come to the calculation of w,, the curvature corre- 
sponding to the section normal to the lines R. It is to be noted 
that the spheres R = constant, unlike the surfaces 6 = con- 
stant, are not geodesic surfaces, so that w, does not coincide 


with the Gaussian curvature a (cf. § 11) of these spheres. To 


calculate it, instead of using the direct definition it will be more 


convenient to use the property that dl? can be conformally repre- 
sented in a Euclidean space, with 


di? = H? dl,2, 


as we have already seen. 

In Chapter VIII we found the explicit form of the relations 
between homologous Riemann’s symbols for two line elements 
ds and ds’ for which 

da = er ds, 


We shall identify ds with our dl, and ds’ with the Euclidean dl); 
we can then apply formule (18) of Chapter VIII by making the 
symbols marked with a dash vanish (since they refer to the 
Euclidean dl,”) and putting 


Ce De a PA, er ee me eee 1995) 
The formule’ then become 
(yj, hk) = in (Tx a te Flee Og A Tipe T, 7) Gn ee 7; Tr) 


Olt, 7% Tr) + (Gin Vin — ite Aj) Ar, 
(D 655) 28 
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where the coefficients, the covariant derivatives, and the para- 
meter A are all taken to refer to 


dl? = A? dR? + R2(d0? + sin? 6 dd). 


Multiplying these formule by aa’ and summing with 
respect to the four indices, the left-hand side, by formule (1) 
and (2) of § 2, gives the linear invariant G relative to our Vs, 


which after some obvious reductions is thus expressed by 

G = — 4A,7 — 2Az, 
where Ar = Soar Zs a 7,7, (Chapter VII, § 4); and 
Noe es Za ihe ee (Ohapter VI, § 7). 


But for a V, the linear invariant G' is equal to — 2M (cf. 
§ 4), so that the mean curvature MM is in our case given by 


M = Shaan 5 2 5 (60) 


As M (the sum of the three curvatures) = w, + 2w, and w 
has already been calculated, this formula will give the required 
expression for w,; it remains to find the values of the quantities 
A,z and Az on the right, using for this purpose the formule (50), 
(51), and (59). 

From the general expression 


3 
Ar = Lip a® Ti; Ths 
1 


we have for our d/?, and for a function 7 which depends only on R, 


Apes a 
the dash here also denoting the derivative with respect to R. 
Further, from the general expression (18) of Chapter VI we have 


and since now /a = AR? sinO, it follows that 


1 ad G ) 
PAN hae ergy ce) | Pea | 
AR? dR \A 
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In our case, from (59) and (51), 


== fog df= log 

ai 0g 8 p 
d A 
db 50 — ae 
epepy 0) Ree ae 
o> TI 
h be aoe Ee 

ence 7 R 


It follows that 


Lit 1 
ee ee ee Js ES 
a AR? dR [ze (1 1) 
=a (1-4)-7 d (3)5 
AR? Aj}. .AR dR \A/’ 
using the expression (58’) for w, this can also be written in the 


form 1 1 
Ape Le 7 
a” AR? ( *) fa 


Substituting in (60) the expressions just found for Av and 
A,r and for MV its value w, + 2w, 2w cancels out on both sides, 
and we get for w, the value stated at the end of § 11, viz. 


1 1 
sat ee Pat ee 
Sa ( 2) (el) 


13. The gravitational equations in the case of spherical sym- 
metry. Schwarzschild’s rigorous solution. 


We shall now apply the equations of the Einsteinian statics 
to the particular case of a single attracting mass, or more generally 
of a distribution of masses having spherical symmetry round a 
point O. Using the terminology of § 11 we shall deal with matter 
distributed in accordance with any law dependent only on R in 
layers bounded by geodesic spheres of centre O. The Hinsteinian 
ds? will have the statical form 


ds? = V* da," — di’, 


where dl? will necessarily be of the type (49’), and V, from 


420 ABSOLUTE DIFFERENTIAL CALCULUS 


symmetry, will also depend only on R. We shall agree to consider 
only regions outside the field occupied by the attracting masses. 
In these regions the statical equations (21’), (22) of § 4 for empty 
space will hold, i.e. 


SM = Doin le tak Peart Oe 


ae 
Qin 7 ==) 5 . C 7 rp (22) 


Since 7Z denotes the mean curvature of the symmetrical V,, 
ie. the sum w, + 2w of the three principal curvatures, (21’), 
together with (58) and (61) of the preceding section, gives 


1 1 ae 
ree et |teaen) a: dR (4) ee 


whence on separating variables and integrating 


where a denotes a constant of integration. 

It is to be noted that whatever the constant a may be the 
expression found satisfies the physically necessary condition that 
at an infinite distance from the attracting masses the metric 
tends towards the Euclidean form. In fact, if R—o, A—1l, 
so that the dl? (49’) becomes the ordinary Euclidean expression 
in polar co-ordinates. 

The symbols a,, are then completely defined by the formulee 
(52) and (53), where w and w, have the values (58) and (61). 

In order to put the gravitational equations (22) in an explicit 
form, we must again replace the covariant derivatives V; by 
the ordinary derivatives. This can also be done without any pre- 
liminary calculations, as follows. Let the x;’s denote generic co- 
ordinates in a space with a generic metric. Take a function V 
of the x’s, and consider its variation along a geodesic line along 
which the x’s are considered as functions of a parameter ¢. We 
shall have in the first place 


dV 


‘Differentiating again, and substituting for the «7s their values 
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as given by the equations of the geodesics, we get, as a’ particular 
case of the notion of covariant derivatives (Chapter VI, §§ 1 


and 2), 
a2V “ aes 
TW ame Vig tity . » « « (63) 


_ Further, assuming in particular x, = R, 2, = 0, x = 4, 
and remembering that our V is a function of R only, we have 
dV 
=== V'R 
dt 


(dashes denoting derivatives with respect to R), and 


PV 
de® 


But for our metric, 1.e. for 


T = APR? + Ree + sin? de], 


= VR + WR 


the equation of the geodesics for the co-ordinate R gives 


ee 
di ap oR 
or A?R+ a as: R?—4 uss RG? + sin? 6 42) = 0, 
whence we get 
R= — 2+ F (+ sin? 6 ¢?). 


277 


‘ d 
Using this result the foregoing expression for _ becomes 


A =e es V ‘A’ re )B+ oh se Ye we sin? 6 2). 
dt? A 
This expression, like (63), must hold along a generic geodesic, 
ie. for arbitrary values of the quantities 7, = R, % = 0, 
lg = d. Comparing them we get 
V'A’ RV’ 
A 2 Vo al 


Ving = 0 (04). 


Vy = 0 — 
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Substituting in the gravitational equations (22) these values 
for the V,,’s and the values (52) and (53) for the a,’s, we see 
at once that the equations with two distinct indices reduce to 

identities, those for the pairs of indices 11 and 22 take the form 


Vie VA 
A? — == (0): Siete eee 
w, + V ie ae (65) 
pe 
R a= .(); 
ony a 
and the remaining equation is the same as this last one. Sub- 
stituting in this equation for w its value (58), 1.e. Se it becomes 
VAY Ww 
2 10 Boe ae eee ee 
ata (66) 
or AV = constant. 


At an infinite-distance from the attracting masses the 
Einsteinian ds? must reduce to the pseudo-Euclidean form, and 
therefore the coefficient V (the Romerian velocity of light) must 
tend to 1 like A; hence the constant must have the value 1, 


and we have 
AV ="). estoo an eon 


This equation and (62) give A and V in finite terms, so that 
the required ds? is now completely determined. The equation 
(65) remains to be considered, but it will at once be seen that 
with the values (62) and (66’) it reduces to an identity. In fact, 


substituting for w, its value Z (1 — zi) = 2 (1 —V?),- and 


for = by (66), the equivalent — a multiplying by V?, and 


remembering once more that AV = 1, (65) becomes 
L(V Vee yen 
2 
a | ap ae ee 
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On substituting for V? the value ik = = > we find 


that this equation is satisfied identically, which proves the 
required result. 

The rigorous form of the Einsteinian ds? with spherical sym- 
metry is therefore 


ieee (1 = 4) du?—dP. . . . (67) 
dR? 
with ae — 2 + Re (a6? 4 sin? dd). 
jhe 
R 


This expression for ds? was first given by Schwarzschild.1 
The metric contains a constant a which is a priori arbitrary; its 
value can be deduced from a consideration of the intensity of the 
field of force at great distances from the attracting masses. In 
these regions the spacelike dl? tends, as we know, to become 
Euclidean, R becoming identical with the length of the 
radius vector drawn from the centre of symmetry; further, the 
expression 


Qa 
yard Pee eee eS a I} 12 
—12?° VY? = ac* + tc7 


represents the potential of the field (cf. Chapter XI, § 12). Com- 


paring this with the classical Newtonian expression ae for the 


potential due to a mass M concentrated at the origm (or sym- 
metrically distributed round it in any way), we see that we must 
put 

yee es ee ose (68) 


6 > 


C2 


where M isthe sum of the attracting masses. 

It follows from § 11 that every di? with spherical symmetry, 
and therefore in particular the Einsteinian di? (67), can be con- 
formally represented in a Euclidean space, the modulus of the 


1 Sitzwngsberichte der Preuss. Akad. der Wiss., 1916, pp. 189-196. 
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conformal representation being S where 7 is defined by (50), 
Le. by 


Using the relations 
1 a 
A as V —= * 1 a te) 
V ec 


we have to express the right-hand side of this equation in terms 
of V, which gives 


dr 2dV 
fe hr 
whence on integrating 
Se te Os 
ares | 
= gels “toa + Vy, ee eS) 


where 7) denotes a constant. 

If we wish to impose the natural condition that 7, like R, 
shall tend to become identical with the ordinary radius vector 
at an indefinitely great distance from the attracting masses, 
we shall have to determine 7) in such a way that 

R 


lin Sy 
R— oo If 


Since when Rk — o, V — 1, this gives 


Consequently Hos 


16 


and therefore PF = Hdl == dl 
(1+ V) 


As an instructive example, we shall apply these rigorous 
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formule to calculate over again, for a symmetrical field, the 
expression (33) of § 6, viz. 


ds? = (1 — 2y)da,2 — (1+ 2y) dl? 


(where y stands for 3) which to a first approximation gives the 
c 


Einsteimian ds? corresponding to an assigned Newtonian field. 
In our case comparison of the coefficients V2 and 1 — 2y of da,2 
gives rigorously 


bole 


pare 
8 R 


so that, from the value (68) of a, U is precisely the expression for 
the Newtonian potential of a mass M symmetrically distributed 
round the centre. Comparison of the coefficients of dl,? imposes 
the condition (at least to a first approximation) 

16 


dh —- P= 
pias etre ge 


From the expression 1 — 2y for V? we have to a first approxi- 
mation V = 1 — y, and therefore 


Q+V)*= @—»)* = 2 +%), 


which ensures that the above condition is effectively satisfied so 
long as we neglect terms of higher order. 


14. Spatially uniform metrics; their cosmological interest. 


We shall now examine whether there exist solutions of the 
gravitational equations in statical conditions, and on the hypo- 
thesis that the spacelike d/* has a constant curvature K and that 
the energy tensor is also uniform, meaning by this that it is of 
the type (66) of Chapter XI (applied to the statical case). This 
is equivalent to assuming for the 7',,’s the expressions 


Feo (a Sy rae ane ay te (70) 
Tx. = Pury (2, k= qd; 2, 3), os (71) 


where the a,,’s obviously denote the coefficients of d/?. The two 
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quantities 7( >0) and p represent respectively (cf. Chapter XI, 
§ 24) the energy density and the pressure (or pull, if p< 0) in 
the medium. 

We next take into account the geometrical hypothesis that: 
the spacelike manifold has constant curvature K. When the 
three principal curvatures w,, w», ws all reduce to K, the canonical 
* expressions for Ricci’s symbols a,, (formula (47) of Chapter VII), . 
~ together with (46) of Chapter VII, give immediately 


Qi == K Qites . . ° ° . (72) 
while by the definition of the mean curvature we have 


M 223K ley ste ee 


Using these results, the first of the gravitational equations, 
(18) of § 4, becomes 
DL = ee 8 oe | 


We deduce from this that K >0, which comes within the 
general observation of § 4 that in statical conditions the mean 
curvature is always either positive or zero. The equation (73) 
then shows that 7 is necessarily constant when K is, or in other 
words that the medium must have a uniform distribution of 
energy, or, what is the same thing, of matter. 

On account of this circumstance, this type of solution has a 
particular cosmological interest. It is true that the celestial 
bodies are separated by distances which are large compared with 
their dimensions, and therefore the distribution of matter in 
space is essentially discontinuous; but from a statistical poimt 
of view it is natural to ask what are, so to speak, the mean 
mechanical conditions of the universe; i.e. what would be the 
nature of the space-time metric on the hypothesis that the whole 
of the cosmic matter, instead of being concentrated in discrete 
masses, 1s uniformly distributed throughout all space, with the 


mean density ah of the actual distribution. 
a 


It is important to note that, as we are dealing with a space 
of constant positwe curvature, its extension S (in the sense of 
Chapter VI, § 8) is finite, as we shall show in a moment. As- 
sociating it in the meanwhile with the foregoing cosmological 
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consideration, we reach the conclusion that in this type of solution 
the total quantity MW of matter is finite, and is given by 


yee Cae ree a (74) 


In order to find the extension S, we take dl? in the canonical 
form (31) of Chapter VIII, viz. 


ee he 1 
dP = —) = — (dy, + dyp? + dy3?), . (75) 
u u 
K 3 
where i iP ae ST Tees Sa i (40) 
ii 


We have in the first place, for the element of volume corre- 
sponding to the Euclidean dl)? referred to polar co-ordinates 


rT, 0, ¢d, 
dS) = 7 dr sind dé dd, 


and therefore, for the corresponding element of physical space, 


The total volume is in consequence given by 


dS, 


hep ae 
J yp 


i 


the integral being extended to the whole of space. The integration 
with respect to 6 and ¢ gives 47, so that we can write 


Here we can introduce the radius a of the sphere of Gaussian 
curvature K, putting K = a and substitute « = = for r 
a a 
as the variable of integration. This gives 


2, 
x? dx ; 
oe 
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and therefore, from (74), 
M = 22a", 
He 


In the given conditions, physical space has thus the volume 
27°a3, and is therefore finite, though at the same time unlimited. 
This latter property holds, as for ordinary two-dimensional 
~ spherical surfaces, for any manifold of constant positive curvature 
in any number of dimensions. 

Another general property which calls for mention is that in 
a variety of the kind specified the geodesics are all closed lines, 
of length 27a. Consider specifically the case of three dimensions 
which corresponds to the physical space of the problem under 
discussion. It will be seen immediately that without loss of. 


dl,” 


generality we can always refer di? = —° to polar co-ordinates 
u 


r, 0, 6 in such a way that for a geodesic assigned in any manner 
¢ = 0 at one point of it; from the Lagrangian equation relative 
to the parameter ¢ it then follows, as in § 11, that ¢ == Oak 
along the curve, which is therefore a geodesic of one of the sur- 
faces 6 = constant, or in particular, by suitable choice of the 
g-axis, of 6 = 0. In view of the transformation formule 
between Cartesian and polar co-ordinates, 


y, = 1 sin8 cos¢, 
Y. = 7 sind sind, 
if, == COSY, 


this is equivalent to saying that any geodesic can always be 
considered as belonging to the co-ordinate plane y, = 0; but, 
for Yz = 0, dl? assumes the canonical form of a two-dimensional 
manifold of constant curvature K, i.e. of the ordinary sphere of 
radius a. The geodesic therefore coincides with a great circle 
on this sphere, and is therefore a closed curve of length 27a. 

We now pass on to the other six gravitational equations. | 

Taking account of (71) and (72), the equations (17) become 

Vin | 


: 
a4 (x L Kp =| Ge, 0 Sk ee 


\ 


which can be satisfied in two different ways, according as we 
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suppose V constant (Hinstein’s cylindrical space-time) or V a 
function of position (De Sitter’s hyperspherical space-time). 


15. Einstein’s solution. 


First, suppose V constant. In this case it is necessary and 
sufficient to add to (73) the condition : 


Reatong ee One nn se. = (TB) 


From this it follows first of all that the normal stress p is 
necessarily the same at every point, and on comparison with (73) 
there follows ‘ 

elt Ee eGR ok ACTS.) 


whence we get the following result: 
In a homogeneous medium subjected to a uniform pull of 
4, 9 being the energy density, the space assumes the constant 


positive curvature K = 3% the velocity V of light remaining 


constant (and being naturally supposed not zero). 

Remembering that in statical conditions the potential of the 
force in the field is — $V (Chapter XI, § 12), we see at once 
that in the present case the force is zero. 


16. De Sitter’s solution. 


Now suppose that V is a function of position. Multiplying 
(77) by a and summing with respect to 7 and k we get in the 
first place 


A.V A.V 
ae a 31K NS 
a + 3( + Kp = 


eal 
V 


The equations (77) are therefore equivalent to 


or = $(K-+ xp). 


tht Kea Pie 2 ie en Cia 


ile 
where for brevity we have put 


tite KA L(BK deep ays 52079) 


10f, T. Levi-Crvitra: “ Realta fisica di alcuni spazi normali del Bianchi,” in 
Rend. della R. Ace. dei Lincei, Vol. XXVI (first half-year, 1917), pp. 519-531. 
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It is easy to see that the equations (77’) are mutually con- 
sistent for V not constant (in fact, they constitute a complete 
system with respect to V considered as the unknown function) 
if, and only if, K* = K. To prove this, take the commutation . 
formula (20) of Chapter VII for the second covariant derivatives 
of a simple system V;, which gives 


3 
Vink — Vin = — x, { a, hk} V,. 
1 6 


Substituting for Riemann’s symbols of the second kind the 
expressions for a manifold of constant curvature K (formula 


(19’) of Chapter VIII), viz. 
K (Qin 8; — Uz dy), 
we get Vine — Vaan = K (Gy Vin — On Vi: 


Further, multiplying (77’) by V and taking the covariant 


derivative, we get 
V vn es K* Gir V;, e . . . . (77”) 


substituting in the preceding equation, we get the conditions of 
integrability 
(K* — K) (45, Vi— 95, Vi) —90 


for every set of values of the three indices 7, h, k. Since by hypo- 
thesis V is an effective function, one at least of its derivatives 
(say V;,) will not be zero. In the above equations take this value 
of k and’a value of h different from k; multiply by a” and sum 
with respect to 2. This gives 


(K* — KV, = 10 
whence K*— K = 0, 
Q. E. D. 
Using this result, we get from (79) 
3K + Kp = 0, 


which leads to the same qualitative statements with regard 
to the stresses as those made above for the cylindrical space- 
time. 
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For the integration of the equations (77’), in which from now 
onwards we put K* = K, we must again take di? in the canonical 
form (75). 

The covariant derivatives V,, of V with respect to our dl? 
can be found explicitly as functions of the ordinary derivatives, 
without direct calculation, from the considerations in Chapter 
VIII, §§ 2 and 4. In fact, considering our di? and the corre- 
sponding Euclidean dl,? referred to the same co-ordinates, we 
have, from formula (9) of Chapter VIII, 


3 
Vix aa Vie =. oe 2; Pix Vi, 


where, by (16) of the same chapter, 


he CN i 1 
Pir = 9:7 + O47; — Mp7’; 


2Qr 


with in our case e~-*” = w?, uw having the value given in (76). 
Noting that for dl, referred to Cartesian co-ordinates the 
derivatives Vf. are identical with the ordinary second derivatives, 
and that 7’ = 7, a, = 5%, we have the required expressions 
in the form 
2 
a eV 


1 a8 
me = (Vi + Uy; Vi) — — Du, Vi. 
Oy; Oy, u U1 


Substitute these expressions in the equations (77’), which on 
multiplying by: wV take the form 


uVin + ey = 0 


k 
for K* = K anda, = a Putting for brevity 
uU 


2 


Vim Vests ve Es. oo os, OU) 
and using the 5 ae (76) for u, we get 
OP Vege ee 
V; Pe — a: 
Sega Nee ae oyc8g, 


whence it follows that 
CO (e Wee KW 
OY; OY; 2 u uP 


ae z; Uy Y,): 
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But by (80) 
W, 


Vi 
(dead? 


substituting, and taking into account the definition (76) of u and 
the consequent identity 


3 
K+ Du; —— Ku, 
1 


the foregoing equations become 


ew aX ( 


3 
a: Seip as Ye 
Dy, ta et ) 


1 

From this it follows at once that for 7 + & the second deri- 
vatives of W vanish, so that W must be a function with the 
variables separated (the sum of three functions, one of y, alone, 
one of y, alone, and one of y; alone). Further, for 7 = k, the 
equations above show that as the terms on the right are the same 
for all three cases, we must have also 


O2W o2W c2W 
Oy? yn OYys* 


~ all equal; their common value must therefore be a constant, 
which we can denote by by is Hence the most general expression 


for W is of the type 
Wik Oe + w+ C, 


where w is a linear homogeneous function, a priori undetermined, 
and C is a constant. The coefficients of this expression are to 
be so determined that 


by K day fe 
ar mae (Sx Lees ), 
v4) AVE Nal 
3 
ie. that X71 y,W,— W = bo. 
1 


By Huler’s theorem on homogeneous functions the linear 
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term w contributes nothing to the left-hand side, so that its three 
coefficients are arbitrary; there thus remains 


2 Case 


which by (76) reduces to 
COns= == by. 


Hence the final expression for W can be written in the 
form 


Ww bs (uN ese (81) 


the constant 6) and the coefficients of w being still completely 
arbitrary. This number of constants could of course be predicted 
from the fact that the system (77’) is completely integrable; as 
all the second derivatives of the function V are defined by it, 
it is obviously equivalent (cf. Chapter IT, § 1) to a total differential 
system in four unknown functions, viz. V itself and its three 
first derivatives. 

It is also to be noted that the three constants of integration 
which appear in the linear expression 


w= 2(b, yy, + 5 Yo + bz Ys) 


can obviously be reduced to one, since by a suitable orthogonal 
transformation applied to the y’s (for which 7?, wu, and dl,? are ail 
invariant), we can always reduce the trinomial to the form 2by,, 
with b = /b,2+ b,? + 6,2. 

But we may also suppose b = 0; this can be formally proved. 
(though in a less elementary way) by taking account of the 
homogeneity of a space with constant curvature, which enables 
us to take a point fixed in advance as the point y,; = 0, while 


retaining the canonical form —2 ced for dl?.4 
uw 


1 This becomes intuitive for the case of two dimensions, in which a manifold 
of constant positive curvature is an ordinary sphere, and the canonical expression 
for di” is obtained by stereographic projection of the sphere on a diametral plane 
(cf. Chapter VIII, § 7). The assertion in the text reduces in this case to the 
obvious geometrical fact that any point whatever of the sphere may be chosen as 
the centre of projection. 

(D 655 ) 29 a 
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Using these results, it follows from (80) that the expression 
for the spatially uniform ds*, on the hypothesis of V variable, is 


. Wedge — as 


ds* 3 
where . W = 6) (u— 2), 
Ss V6 pos (82) 
u= 1+ i? | 


It is assumed that the constant 6) is not zero, as otherwise 
we should have identically V = 0, which is not permissible, 
since we are considering the case of V variable. 

In view of the physical significance of V, those points, if any, 
at which V = 0 obviously denote singularities in the field; they 
remain, so to speak, optically isolated, im a sense which will be 
explained further on. On the other hand, as 7, and therefore u, 
increases indefinitely, V tends to 6); further, for finite values of r, 
u remains essentially finite and > 1, so that the smgular points 
are determined by the equation W = 0. This equation, com- 


bined with (82) and the relation K = , , becomes 
a 
T = 26, 


which in the representative Huclidean space defines a sphere 
Dy. The surface D which corresponds to it in the physical space, 
and which, by § 11, is also a (geodesic) sphere, is called the horizon, 
because it constitutes in a certain sense the limit of the perceptible 
universe. This follows from the fact that light, and a fortiori 
a material particle, would take an infinite time to reach it. To © 
prove this, let A and B be two generic points; then by the 
definition of V the time taken by light to pass from A to B is 


a es amiaen 
V JuV /W 


where the integral is taken along the ray joining A to B. When 
B tends to the horizon the integrand tends to an infinity of the 
first order at B, and therefore the integral cannot remain finite. 
As we have already several times recalled (in particular in the 
preceding section), the force in the field is the gradient of — 4V?; 
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in consequence it tends to displace the material masses towards 
the regions of minimum V2, i.e. towards the horizon. This 
circumstance was regarded as an incongruence of De Sitter’s 
space-time; but it is to be observed that it must be taken to refer 
solely to accidental masses (sufficiently small not to modify the 
field perceptibly), and not to those uniformly diffused masses 
which constitute it, the equilibrium of which is automatically 
assured by the gravitational equations. 

It is interesting to remark that the problem of spatially 
uniform metrics (§ 14) admits of a solution which includes both 
Einstein’s and De Sitter’s solutions as particular cases.1 

In fact, in the argument beginning at equation (77’), it was 
tacitly assumed, at (77), that A* is constant. Hf we drop 
this supposition we find 


Vink — Vien = K* (Qe Vi — Gi, Vi) + V (Ga, Ki, — Gin Ki), 

which, on combination as before with 
Vink — Vien = KGa Vi — Op Vi); 
gives 
(K — K*) (ay, Vi, — a,V,) = Vain Ki, — On, K;). 
If we put H for K — k*, this becomes 
E(ay, Vi, — Gn Vi) + V(Gin En — Ga, Ey", 

leading, by the same treatment as in the former case, to 


EV, +V#, = 0, 
Or EV = constant 


a A> Bay. 


Equation (77’) may now be written 


A\ A 
Be er |) 0. 
(V K)a + Kau (V z) 


Thus, if instead of (80) we write 


A 
Vi= u( V— a) 


1 This extension of the analysis was suggested to me by Dr. John Dougall. 
(D 655 ) 29 a2 
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the investigation proceeds exactly as before, and leads to the 
same value of W, viz. that given in equation (81). The new 
value of V is therefore 


Y= o+ 


«Aas Ou 2) 
a KT U , 


If A = 0 we have De Sitter’s solution; if b) = 0 we have 
Einstein’s. If both A and 6, are different from zero, the 
curvature K is still constant, but the (normal) stress p is 
variable, being given by 

Ye ee 0) 


or 403K + xp) = 


We shall conclude this section by showing that De Sitter’s 
space-time not only, like Hinstein’s, implies that physical space 
(i.e. any manifold zx) = constant) has constant positive curvature 
K, but has itself, as a four-dimensional manifold, constant 
negate curvature. 

To prove this, we start from a known property of every space- 
like dl? which has constant curvature K, namely (Chapter VIII, 
§ 5), that Riemann’s symbols for di? have the form (19’) of 
Chapter VIII, or 


{ir, hk} = K (ay, 8; — ay.85) (50) hk, be). 
By (11) and (13) of § 4, these relations can be written in the 


form 
{ir, hk} = — K (gn 8 — 9485), - ~ (83) 


still for the same values 1, 2, 3 of the indices. Now it is easy to 
see that these last formule, in virtue of the expressions (14’) 
for Riemann’s symbols for our ds* and of the equations 


— == — Ka, = Kgs. (0; hi 1c) 
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will still hold when 0 is included among the values to be assigned 

to the indices. This is obvious when one, three, or four indices 

are equal to 0, since then (§ 4) both sides of the equation vanish. 

In the case of two indices zero we have, as in § 4, to examine the 

two types {0r, 0k}’, {20, Ok}’. The corresponding values of the 
3 


left-hand side are respectively V(V’), = V X;a" Vy, and Ve 
i.e. in view of (77’”), 1 Vy 


3 
— KV? S,a%ay, = — KV28 = — Kgy3t, Koy 
i 


The values of the expression on the right are clearly the same. 
Thus the equations (83) hold for all values of the indices from 
0 to 3, which is precisely equivalent (still by formula (19’) of 
Chapter VIII) to saying that the ds? of space-time has constant 
negative curvature — K. 

It may be well to observe that while the notion of a manifold 
of constant curvature and the measure K of this curvature are 
by their nature invariant, i.e. independent of the choice of the 
co-ordinates of reference, this invariance does not persist for 
multiplication of ds? by a constant factor m. In fact, when all 
the coefficients g,, are multiplied by m, Riemann’s symbols of 
the second kind are unchanged, so that, again by formula (19’) 
of Chapter VIII, the curvature K is divided by m. In par- 
ticular, for m = —1, it changes sign. This explams the 
apparent contradiction between our enunciation and that of some 
writers who take — ds* as the fundamental form and assign 
constant positive curvature to De Sitter’s space-time. 


17. Einstein’s additional term. Indication of other rigorous 
solutions. 


For Einstein’s solution we found in §§ 14 and 15 (formule 
(73) and (78)) 
3K = xn, K+«p = 0. 


We cannot therefore suppose the matter devoid of stresses 
(p = 0) without concluding that 7» = 0, which brings us back 
to the uninteresting case of a totally empty space. Now if 
we take the cosmologico-statistical point of view (in the sense 
indicated in § 14), it seems reasonable to suppose that there 


438 ABSOLUTE DIFFERENTIAL CALCULUS 


must be a solution of the gravitational equations corresponding 
to the hypothesis of a uniform distribution of matter which shall 
be so tenuous that the molecular actions between contiguous 
particles, and therefore the stresses, are imperceptible; such, 
that is, that p = 0, while y is a constant other than zero. 

Since the gravitational equations in the original form (8), viz. 


I in 
Ga — $G9u% = — KT ys 


have no solution of this type, Einstein was led to modify them 
(very slightly) by adding a term which maintains the tensorial 
character of the equations (8), and which in ordinary cases is 
completely imperceptible while serving to render possible a solu- 
tion of the type indicated. This term was assumed by Einstein 
in the particularly simple form Ag,,, A denoting a constant which 
in most cases is negligible compared with G. The gravitational 
equations so modified are 


Gu — 3G ike rg; a ae Ti, 
ae Gir AGix KL iz } _ (84) 
("01S 2.3): . 
The statical equations accordingly become 
M — X = xn, 
Vix A.V ; 
Oip F a a i si A) tg, = — KD (2, & = 1, 2, 3). 


Proceeding as in §§ 14, 15, on the hypothesis that the space- 
like di? has constant curvature, that the density is constant, and 
that the stresses are isotropic (i.e. are given by (70) and (71)), 
we ultimately reach the two equations 


3K = cn+A, 
K+«np =A, 


between K, 7, p, and A, which take the place of (73) and (78). 

Here it plainly becomes possible to put p = 0 without 7 
necessarily having to vanish at the same time; we need only 
take 
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To get an idea of the order of smallness of the constant d, 


we may note that the mean cosmic density Hs of matter can 
c 


certainly be regarded as considerably less than that of the nebula, 
which is of the order of 107" gm./cm.%. It is therefore legiti- 
mate to assume that in any case 


2, 
joes K<~10-™. 


- From the numerical values (in C.G.S. units) e = 2 x 107%, 
ec = 3x 10", we have 


Ale= IC 19. 361 10-%. 


For the radius a of the universe (x = 2) we thus get a lower 
a 
limit given by ene ein 


This radius is therefore certainly considerably greater than 
101” km. or 10,000 light-years. 


We shall conclude with some bibliographical references con- 
cerning the rigorous solutions of the gravitational equations (with 
or without the cosmological term) in some special cases. 

Schwarzschild’s solution is supplemented or generalized in 
various important respects by the original contributions of 
Birkhoff, De Donder, Eddington, v. Laue,t and Weyl, which 
are given in their respective treatises, and of Signorina Longo?, 
Trefftz,? Nuyens,* and Vanderlinden.® 

A different type of solution is considered in the researches of 
Weyl,® Levi-Civita,’ Bach,® Chazy,® Palatini,!° and Kasner.4 


1Cf, also Sitzungsberichte der Preuss. Ak. der Wiss., 1923, pp. 27-31. 

2 Nuovo Cimento, Vol. XV, 1918, pp. 191-211. 

3 Math. Annalen, Vol. 86, 1922, pp. 317-326. 

4 Comptes Rendus, Vol. 176, 1923, pp. 1376-1379. 

5 Bull. del Ac. royale de Belgique, 1921, pp. 260-276. 

® Annalen der Physik, 54 (1918), pp. 117-145; 59 (1919), pp. 185-188. 

7 « ds? einsteiniani in campi newtoniani’”’, Notes I-IX, in Rend. della R. Ace. 
det Lincei, Vols. XX VI, XXVII, XXVIII, 1917-1919. 

8 Mathematische Zeitschrift, Vol. 13, 1922, pp. 134-145. 

9 Bulletin de la Société Math. de France, Vol. LIT, 1924, pp. 17-37. 

10 Nuovo Cimento, Vol. XX VI, 1923, pp. 5-24. 

U Trans. of the American Math, Society, Vol. 27, 1925, pp. 101-105, 155-162. 
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— — statical, 326. 

— — stationary, 326. 

— spatially uniform, 425. 

— with spherical symmetry, 408-414. 

Michelson-Morley experiment, 335. 

Minimum time, principle of, 341. See 
Fermat’s Principle. 
ixed system, or tensor, 70, 71. 

— systems of total differential equations, 
29-33- 

Molecular action, system with no, 360- 
363. 

Moments of co-ordinate lines, 98. 

— — direction, 92, 120. 

— — — covariance of, 92, 120. 

— — — relation connecting, 92, 120 

Momentum, 295. 

Morera’s method of integration, 22-25. 

Motion, Einsteinian, of planets, 396. 

Multilinear form, 66, 69, 83. 

Multiplication of tensors, 76. 


Nebulz, density of, 439. 

Newtonian equations, 287, 377. 

— field, assigned, space-time for, 388— 
392. 

— motion, differences from Einsteinian, 
377+ 

— potential, 375. 

— potential and ds, 336, 369. 

Normal congruence, 263, 275, 277, 285. 

— form of differential equations, 36. 


Operator A, properties of, 176. 

— linear, 33-37, 48, 84. 

Optics, geometrical, 334. 

Orbit, equation of, 397. 
Orthogonal directions, sets of, 205. 


Parallel, ambiental, 171. 

— displacement, 103. 

— — along a geodesic, 103, 104. 

— — angles unchanged by, 103, 114. 

— — cyclic, 173, 186. 

— — — of vector, 192. 

— — — Pérés’s formula for, 193. 

Parallelism, 102. 

— and curvature, 193-198. 

— and infinitesimal displacement, 104. 

— angle of, 198. 

— differential definition of, 105. 

— equations of, 110-112. 

— extension of notion of, 137. 

— intrinsic character of, 106. 

— intrinsic equations of, 107. 

— invariance of, 110. 

— symbolic equation of, 107. 

— with respect to surface, 102. 

Parallelogram rule for vectors, 117. 

Parallels, kinematical construction of, 
102, 104. 

Parameter of family of surfaces, 45. 

— first differential, 231, 418. 

— second differential, 154, 393, 418. 

Parameters and moments, relation of, 
Q2, 525° 

— Lagrangian, 288. 

— of co-ordinate lines, 98. 

— of direction, 91, 120. : 

— — contravariance of, 91,.120. 

— — relation connecting, 91, 120. 

Parametric equations of surface, 86. 

Path of light, in gravitational field, 402, 
403-408. 

Pérés’s formula, 193. 

Perihelion, displacement of, 396, 398. 

— — formula for, 398. 

— — of Mercury, 399. 

— — of other planets, 400. 

Permutability (dé = 6d), 116. 

Perturbations, Newtonian, 399. 

Pfaffian, 13, 20, 26, 161, 174. 
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Pfaffian as invariant, 81, 82. 

— systems, 14. 

Physical phenomena and metric of V4, 
374. 

Planet, motion of, 369. 

Planets, Einsteinian motion of, 396. 

— motion of, discrepancies in, 322. 

Poisson’s equation and Einstein’s theory, 
386, 387. 

— equation for potential, 375, 377. 

— parentheses, 35, 36. 

Postulates of general relativity, 364. 

Potential, Newtonian, 287, 292, 297, 
322, 323, 369, 375, 377, 388, 394, 396, 
400, 403. 

— — and ds’, 336, 369. 

— — and metric of space, 391. 

Potentials, 10 gravitational, 375. 

Principe expedition, 407. 

Product of tensors, 76. 

Pseudo-Euclidean ds*, 325, 376. 

— every metric locally, 360. 

— metric, 299, 360, 383. 

— — and versors, 329. 


Quadratic, canonical form of, 205, 281. 

— differential form, invariant, 84. 

— form, 66. 

— — covariance of coefficients of, 73. 

— — definite, go. 

— — ds, character of, 120. 

— — invariant, 73. 

— — with non-vanishing discriminant, 
go. 

— forms of class zero, 242. 

— — of class i, 253. 

Euclidean, 242. 

— — Riemann’s symbols for, 242-246. 

— — theory of, 205. 


See ds?. 


Radioactivity, 297. 

Radius of universe, 439. 

Reciprocal elements in determinants, 54, 
55, 80, 81. 

— tensors, 95. 

Refracting medium, space as, 402. 

Refraction of light, 334. 

Refractive index, 334. 

Relative motion, 313, 316. 

Relativity and Newtonian theory, differ- 
ences, 377. 

— composition of velocities in, 317. 

— general, and Poisson’s equation, 386, 
387. 

— — postulates of, 364. 

— invariance in, 322. 

— kinematics of, 311, 316. 

— metrics, qualities of, 325. 

— — statical, 326. 

— — stationary, 326. 


SUBJECT INDEX 


Relativity, postulates of, 364. 

— principle of, 311. 

— restricted, 300. 

— special theory of, 300. 

Reversible motion, 327. 

— transformation, 3, 7, 61. 

Reversibility of light propagation, 365. 

Ricci’s coefficients of rotation, 268. 

— lemma, 148, 152. 

— symbols, 199, 372, 389, 411, 426. 

— tensor, 199. 

— — linear invariant of, 200, 380. 

Riemann-Christoffel tensor in V4, 372. 

— — — — 20 components of, 372. See 

Riemann’s symbols. 

Riemannian curvature of V,, 195-198. 

Riemann’s symbols, 172. 

— — and conformal representation, 228, 
246. 

—-—and Euclidean metric manifold, 
242-246. 

— — Bianchi’s identities in, 182. 

— — of first kind, 176, 179-182. 

— — of second kind, 175, 177, 178. 

Rigid motion in any manifold, 408. 

Romerian units, 307. 

Rotation, Ricci’s coefficients of, 268. 

Rotor of vector, 161. 


Saturation (of indices). See Contraction. 

Scalar product of vectors, 98, 126, 152. 

Schur’s theorem, 235. 

Schwarzschild’s solution of gravitational 
equations, 419-423. 

— — extensions of, 439. 

Second covariant derivatives, 184. 

— differential parameter, 154, 393. 

— fundamental form of V,,, 252. 

Section of manifold, 163. 

— of V3, 201. 

Sets of orthogonal directions, 205. 

— of simple systems, 74,-156. 

— reciprocal, 74. 

Severi’s theorem, 171. 

Shift, spectral, 400. 

Signals, light, and coefficients of ds?, 
364-366. 

Simultaneity, 290, 311. 

Sitius, spectrum of Companion of, 402. 

Sobral expedition, 407. 

Solution of differential equations, 36, 
48. 

—— gravitational equations, Schwarzs- 
child’s, 419-423. 

— —-— first approximation deduced 
from, 425. 

Solutions, rigorous, of 
equations, 437. 

Space, metric of, and Newtonian poten- 
tial, 39r. 


gravitational 
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Space, non-Euclidean, 391. 

— of constant curvature, extension of, 
426, 427, 428. 

— — gravitational equations in, 428. 

Space-time, 290. 

— an Einsteinian, ds? for, 392. 

— co-ordinate transformations, 290. 

— De Sitter’s, 429-435. 

— De Sitter’s, constant negative curva- 
ture of, 436. 

— Einstein’s and De Sitter’s, case in- 
cluding, 435. 

— Einstein’s, curvature of space in, 438. 

— Einstein’s cylindrical, 429. 

— metric, and energy tensor, 374. 

— with assigned Newtonian field, 392. 

Spatially uniform metrics, 425. 

Spectral displacement, 400. 

Sphere, geodesic, in V3, 409, 410. 

Spherical symmetry. and gravitational 
equations, 419. 

— — metrics with, 408-414. 

Statical ds*, 326, 327, 371, 377, 378, 392. 

— field, 400. 

— metrics, 326, 327. 

Stationary metrics, 326, 327. 

— — Fermat’s principle for, 340. 

Stress, 344. 

— and bilinear form, 345. 

— force absorbed in, 349. 

— in spatially symmetrical metrics, 425, 
429, 430, 436, 437, 438. 

— kinetic, 351, 356, 358. 

— normal, 345. 

—tensor and equations of motion, 
351. 

— — divergence of, 344, 346, 354. 

— — in classical theory, 344. 

— — in generalized co-ordinates, 346. 

— — interpretation of divergence, 346. 

Sum of tensors, 76. 

Surface, geodesic, 164. 

— intrinsic geometry of, 99. 

— parametric equations of, 86. 

— vectors, 96. 

Surfaces, developable, 100,101. 

Symmetrical double systems, 72. 

— systems (tensors), 65. 

Symmetry, spherical, and gravitational 
equations, 419. 

— — metrics with, 408-414. 

System, mixed, 70, 71. 

Systems (tensors), antisymmetrical, 73. 

— double, 65. 

— m-fold, 65. 

. — of order m, 65. 

— of order zero, 65. 

— symmetrical, 65. 


Tensor, 70, 71. 


449 

Tensor, Einstein’s, 200, 371. See Ein- 
stein’s tensor. 

— energy, 355. 

— — and equations of motion, 359. 

— first general definition of, 80. 

— gravitational, 371. 

— — 10 components of, 372. 

— Riemannian, 371. See Riemann’s 
symbols. 

— second general definition of, 83. 

— stress, divergence of, 344, 346, 354. 

— with vanishing elements, 71. 

Tensors, addition of, 75. 

— associated, 95, 96. 

— composition of, 79. 

— contraction of, 77-79. 

— inner multiplication of, 79. 

— multiplication of, 76. 

— reciprocal, 95. 

Third fundamental form of Vy, 259. 

Time, conventional, 364. 

— local, 290, 311, 312. 

Total differential, 13. 

— — equations, 13-33. 

— — equations, complete system of, 
15-18. 

Trajectories, 403. 

— and geodesics, 324, 326. 

— and light rays, 343. 

— Einsteinian and Newtonian, 395. 

— in generalized mechanics, 324. 

— orthogonal, 263. 

Transformation, affine, 304, 305. 

— by contravariance, 67, 69-71. 

— by covariance, 64, 67-71. 

— by invariance, 62. 

— formule of, 80. 

— homographic, 304. 

— linear, of differentials, 80. 

— of derivatives, 85. 

Transformations, linear, 67. 

— Lorentz, 300, 308, 310, 316. 

— reversible, 3, 7, 61. 

— space-time co-ordinate, 290. 

Translation, motion of, 305. 


Universe, radius of, 439. 


Variations, Poincaré’s equation of, 208. 

Variety. See Manifold. 

Vector, contravariant 
components of, 97. 

— — in Vy, 120, 127. 

— derivative of, 139, 140. 

— determination of, by invariants, 266. 

— product, 159. 

— product of versors, 201. 

— projection of, in Vp, 127. 

— transformation of, 62, 63, 64. 

Vectors, equipollence of, 103. 


and covariant 
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Vectors, parallel and equal, 103. 

— scalar product of, 98, 126. 

— surface or tangential, 96. 

— zero, 97. 

Velocities, absolute and relative, 316- 
319. 

— composition of, 306. 

— — according to Einstein, 317. 

Velocity, earth’s orbital, 399. 

— large universal constant, 291, 292, 
311. 

— mass and, 295. 

— of light, 292, 306, 311, 334, 335, 339, 
382, 399. 

— — irreversible, 340. 

— — law of variation of, 339. 

— — non-symmetrical, 340. 
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Versor (unit vector, direction), 92, 96, 
98, 102, 103, 123, 125, 126, 140. 

—in V,, and corresponding’ vector, 
329. ; 

Versors, and pseudo-Euclidean metrics, 
329. 

— spacelike, 330. 

— timelike, 330. 

Vibration of atom, 400. 

Volume of curved space, 427, 428. 


World lines, 290, 329, 352, 353- 
— — of light, 337, 364. 

— — parameters of, 353. 

—— — and stress tensor, 353. 


Zero vectors, 97. 
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